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A New Analogy in Transient Heat Conduction 


R. E. Coins 
Agricultural and Mechanical College of Texas, College Station, Texas 


(Received February 11, 1953) 


An equation of transient heat conduction is derived that involves the velocity of an isotherm 
and the rate of heat flow across the isotherm. It is shown that this equation is analogous to the 
equation of wave theory which relates the group velocity and phase velocity of the wave. It is 
shown that the equation derived for heat flow serves as a criterion for the propagation of a tem- 
perature distribution without change of form in the same way that the analogous equation of 
wave theory serves a similar purpose. It is also shown that under certain conditions the moving 
isotherms can be treated as moving heat sources. 


HIS paper presents an analogy that exists 
between certain concepts of wave theory 
and transient heat conduction. The analogy is 
obtained through an equation developed as 
follows. The symbols which will be employed are 
as follows, the first three being considered con- 
stants: k, thermal conductivity ; c, specific heat ; 
p, density; 6, temperature; ¢, temperature ex- 
cess; x, distance; ¢, time; g, quantity of heat; 
l’, group velocity; V, phase velocity; \, wave- 
length; S, energy flux; and E, energy density. 
First define “isothermal velocity’ as the 
instantaneous rate of advance of a surface of 
constant temperature, i.e., an isothermal surface. 
Then consider unidirectional conduction of heat 
in a homogeneous, isotropic medium. Let the 
initial temperature distribution within the me- 
dium be the uniform temperature 60, and let 
6(x, t) be the temperature at later times. Choose 
an element of volume of unit cross section and 
of length x—x; parallel to the direction of heat 
flow. Let x; be fixed, but let the other bounding 
plane at x coincide with the isotherm of tempera- 


ture 6 at all times. Thus, this plane will have the 
velocity of the isotherm dx/dt. 

The quantity of heat contained by this volume, 
in excess of that at time /=0, is 


z(t) 
f cpd(x, t)dx, 


v1 


where 


(x, t) =0(x, t) —4o, 


and the time rate of change of this quantity is 


d x(t) 
cp— f (x, t)dx. 
dt Jr, 


This must be equal to the net flux of heat through 
the surfaces at x; and x, thus 


06 (x1, t) dq d pr 
—k —— (~) = cp— f (x, t)dx, 
Ox dt z(t), ¢ dt 71 


where dg/dt is the flux of heat across the moving 
isotherm. Now from a theorem of calculus the 
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derivative on the right is 
d z(t) 

—_ f (x, t)dx 

dt +z 


=) 9o(x, t) dx 
=f artole), 1. 
2} ot dt 
since x;=constant. 
Now suppose that x;=x(t:) and x=x(ti+ At); 
then the expression becomes 


d 2(ti+At) 


(x, t)dx 


H(ut+49 9g(x, t) 
= f ———dx 
z(t1) ot 


dt az(ti) 


dx 
+ g[x(ti+AZ), a 


Then the limit, as At—0, is 


(x1, t1) (dx/dt). 


Thus in the limit the equation becomes 


86(x1, 1) /dq dx 
<ilpisouor. — (=) = cp (x1, th)—, 
zt} dt 


Ox dt 


but since x; and ¢; are purely arbitrary this must 
hold for any x and ¢; thus we have the equation 


ilps agli 

Ox dt dt 
The first term is the rate of heat flow across the 
fixed surface at x =x, the second term is the rate 
of heat flow across the moving isotherm 6=86 
defined by x =x(#). On the right is the product of 
quantity of heat and velocity which one might 
intuitively try to treat as a “heat current.” 
This, however, could only be consistent if dq/dt 
were zero. 

Now turn to the consideration of two concepts 
of the theory of wave propagation. The concepts 
which are to be considered are group velocity and 
phase velocity. These two velocities are re- 
lated by 

U=V—)AdV/d), 


where U is the group velocity, V is the phase 


- A. Sommerfeld, Mechanics of Deformable Bodies 
(Academic Press, Inc., New York, 1950), pp. 184-185. 
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velocity, and \ the wavelength. If the wave is 
propagated without dispersion then 


dV/d\=0, 


and the form of the wave is preserved as it ad- 
vances through the medium. 

Another relation between group and phase 
velocities which has considerable significance is 
one due to Reynolds and Lord Rayleigh. This 
relation is 


U/V=S/E, 


where S is the energy flow through a specified 
cross section of the wave during a time At and E 
is the energy contained in the region ahead of 
the cross section in the length VAt. 

Now in the heat conduction equation above, 
take as definitions of S’ and E’ for transient 
heat conduction 


= —6o) 
Ox 


S'=- 


dx 
At, E'=cp(@—0)—At; 
dt 


thus by analogy 


 F 


—kd(0 —O0)/ax 
Voz cp (6 —6o)dx/dt_ 
Then if one takes 
—kd(6 —0)/ax 
~— €p(0—61) 
V’ =dx/dt, 


and 


the equation derived previously assumes the form 
1 dq 


U! = V’+————_-_, 

cp (0 —6o) dt 

which is exactly analogousto theequation relating 
U and V of wave theory. That is, if 


dq/dt=0, 


then the isotherms advance without any change 
in their relative position. In other words, the 
form of the temperature distribution is preserved 
as it advances through the medium. This is 
shown as follows. 

Consider any particular isotherm, say 0=6. 
If dg/dt=0 for this isotherm and if this is true 
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for any isotherm in the neighborhood of 6’, then 
the form of the temperature distribution in the 
neigh borhood of 6’ must be preserved, and all 
of the isotherms in this neighborhood have the 
same velocity. This also shows that the equation, 


dq/dt=0, 
is equivalent to 
dV’/d@=0, 


which makes the analogy with wave theory 
closer still. In particular this shows that in the 
analogy outlined here, @ is analogous to the wave- 
length A. This completes the analogy. 

It might be mentioned in closing, that under 


certain conditions the requirement, 
dq/dt=0, 


can be realized in practice, in which case the 
equation, 

0 (8 —@o) 
Riesedanat 


a 
=cp(6—8)—, 
"a 


is valid. This is the equation of a plane heat 
source of temperature excess 9—0o, moving with 
the velocity dx/dt, and it shows that each iso- 
therm behaves as a heat source under these 
conditions. This is somewhat analogous to 
Huygens’ principle of optics. 


Electrical Equipment for Physics Lecture Demonstrations 


WALTER G. WADEY 
Yale University, New Haven, Connecticut 


(Received January 26, 1953) 


A revision and rebuilding of the general-physics lecture apparatus used at Yale for electronic 
and electrical demonstrations has resulted in a set of pieces of apparatus designed to minimize 
the time wasted by the lecturer in wiring and arranging equipment. At the same time the 
students have a clearer view of the essentials. Improvements and modifications may be made 
economically. Brief descriptions of the use of the apparatus are included. 


ECENTLY we have had occasion to revise 

the equipment used in the demonstrations 
of electrical and electronic principles in the 
lectures of the general physics courses at Yale. 
It was decided to make a general improvement 
of the apparatus which had developed over the 
years. There were two purposes in mind: to 
simplify the operation of the apparatus by the 
lecturer so as to economize on the all-too-short 
time available in the lecture period, and to 
present a more uniform and clean appearance of 
the apparatus arrangement to the students, in 
order to assist them in following the demon- 
stration. It had been a common experience 
among the lecturers to spend class time threading 
through the maze of wires which developed in 
some demonstrations, particularly when it was 
necessary to change a circuit in the course of the 
lecture. Therefore we decided to make the 
assembly and wiring of the equipment as simple 
as possible from the lecturer’s point of view, and 
to eliminate all binding posts and as many loose 


wires as possible. This would clear the table of 
confusing wiring and enable the lecturer to 
change connections by moving plugs, instead of 
wrestling with binding posts and Fahnestock 
clips. 

The work began with the redesign of the 
apparatus used for electronics demonstrations, 
since they were the most annoying and un- 
reliable in their previous state. Considerable 
thought was given to the general style which 
should be used. A common form of apparatus for 
electronics demonstrations has the components 
of the circuit mounted, well separated, on a 
large white board, and shows the circuit by 
means of heavy black lines running between 
components. The idea behind this style of equip- 
ment is that it is large enough for the students 
at the back of the hall to be able to make out 
the circuit and follow the lecturer as he makes 
connections on the board. This type of board 
had been used here but had proven unsatisfac- 
tory. The idea just does not work out. The 
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Fic. 1. Chassis for demonstration of the vacuum-tube 
rectifier. Pairs of jacks permit an oscilloscope to be con- 
nected at any point in the circuit. The switch converts 
from full-wave to half-wave rectification. The L-C filter 
and dummy plug in as shown. 


components are far too small for the rear-rank 
students to make out, and spreading circuits 
out over a large board makes it virtually impos- 


Fic. 2. Circuit of the rectifier 
demonstration chassis. 


sible to eliminate 60-cycle hum pickup and 
interaction of the circuits. Moreover, it can be 
argued that it is poor teaching. In practice a 
person with any training in electricity never 


Fic. 3 Triode chassis showing the Jones connectors used 
for power and audio signal, the jacks for the volt-milliam- 
meter, input gain control, switch to short the load resistor 
when characteristics are being plotted, and the grid bias 
and plate potential controls on the lecturer’s side. 


G. 


WADEY 


works from this pictorial type of diagram. 
Circuit diagrams are used and the correspond- 
ence between the circuit symbols and the 
physical appearance of the components must be 
learned: sooner or later. Surely it is better to 
teach the students to work from circuit diagrams 
right from the first. After all, we should be 
concerned more with the abstract principles 
represented by the circuit diagrams than the 
particular sizes and shapes of the components 
we happen to have. 

Based on these considerations, the decision was 
made to build the apparatus in general con- 
formity with good engineering practice, and to 
provide the lecturer with clear circuit diagrams 
which he might have placed on the blackboard 
before the lecture or draw himself in the course 
of the lecture. Most of the lecturers preferred 
the latter course. They felt they could make the 


+300 
5U4G 


Fic. 4. Circuit of each of the two power supplies. 


circuits clearer to the students by drawing them 
while explaining them, than by tracing through 
the completed diagram. This ruled out the use 
of lantern slides or the large charts of the circuits 
which had been considered. The circuits were 
blueprinted on 4} X6-in. sheets and stapled into 
little booklets which may be seen in the fore- 
ground of several of the figures. The lecture as- 
sistant folds them open to the first demonstration 
of the day. 

The first piece of equipment to be described 
is used to show the principles of the vacuum-tube 
rectifier. The apparatus is shown in Fig. 1 and 
its circuit in Fig. 2. All the electronic equipment 
is built on commercial bare aluminum chassis 
3X5X7-in. or 3X12X7-in.! These sizes were 
chosen after experiments with dummies of 


1Bud Manufacturing Company No. AC-402 and No. 
AC-408, with bottom plates. 
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various sizes were made to find those which 
would provide adequate space for the circuit 
components, and which would appear to the 
students in the lecture hall neither awkwardly 
large nor insignificantly small. Figure 1 shows 
the rectifier as seen by the lecturer. Four pairs 
of banana jacks are provided, three of which 
may be seen in the figure. These are General 
Radio type 938-X, red and black. The red- 
insulated jacks are used consistently on the 
“‘live’’ connections, black on the grounded. They 
are mounted with 3-in. spacing to fit standard 
double plugs. They enable the lecturer to show 
the wave forms (by means of a cathode-ray 
oscilloscope) on either side of the transformer 
winding and at either the input or the output 
of the filter. A load resistor is permanently wired 


Fic. 5. Block diagram of the apparatus used to demon- 
strate the characteristics of the triode and its use as an 
amplifier and oscillator. 


into the circuit. The filter plugs in on three more 
banana jacks, as shown, and a dummy is pro- 
vided to show the effect of removing the filter.” 
A switch is provided to change the circuit from 
half-wave to full-wave rectification. The lecturer 
thus has no wiring to do, save moving the one 
double plug about (telling the students where he 
is in the circuit as he does so), and the equipment 
is sturdy and reliable. It can be put away for 
the year interval between the occasions of its 
use with every confidence that it will work 
properly when next it is needed with no attention 
from the lecture assistant. 

The rest of the electronic equipment is not 
self-contained, as is the rectifier, but is made in 
pieces which plug together by means of Jones 


2 Their boxes are Bud No. CU-3002. 


Fic. 6. Circuit of the 1000-cycle phase-shift oscillator 
used as a general audio signal source. 


connectors which make both the electrical and 
mechanical connections between the chassis. The 
triode-demonstration chassis shown in Fig. 3 is 
an example of this construction. The two- 
pronged connector closest to the lecturer is 
used consistently in all pieces of equipment to 
carry the alternating-current signal concerned. 
The six-pronged connector carries 120-volt alter- 
nating current, 6.3-volt filament power, and 
300-volt B-plus and ground. This power comes 
from one of the two power supplies whose 
circuit may be seen in Fig. 4. The right ends of 
each chassis bear female connectors and the left, 
male, so that no live connections are exposed. 

The setup in which the triode chassis is used 
is shown in the block diagram of Fig. 5 (included 
in the booklet). The circuits of the audio oscil- 
lator, triode chassis, and audio amplifier are 
shown in Figs. 6, 7, and 8. The audio oscillator 


+ 


+300 


Fic. 7. Circuit of the triode chassis showing the positions 
of the jacks into which the leads to the projection meter 
may be plugged. The switch across the plate load resistor 
allows the characteristics to be traced at high plate 
potentials. When connected from output to input, the 
feedback network converts the circuit from amplifier to 
oscillator. 
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Fic. 8. Circuit of the audio amplifier used to drive a loudspeaker. It has strong inverse feedback and low 
distortion. High-level, low-level 50-ohm, and photocell inputs are provided. 


is a phase-shift oscillator, chosen for its simpli- 
city, stability, and high output. The output is 


so high that the output coupling condenser is 
only a few yuf, making the signal very stable 
against variations in load. The variable cathode 
resistor is adjusted with a screwdriver for most 
stable operation. 

The triode chassis may be used to plot the 
characteristics of the triode tube by shorting 
the load resistor with the switch provided. The 
entire setup is shown in Fig. 9. The potentials 
and currents are displayed for the students by 
means of a Weston Model 525 Projection Volt- 
milliammeter which may be seen at the far edge 
of the lecture table. By means of its control box, 
in the center of the table, it may be made to read 
plate potential versus plate current at different 
grid biases by flipping a single switch back and 
forth. In practice, the students seem to follow 
this very well. After tube characteristics have 
been shown, the circuit is made into an amplifier 
by opening the short across the load resistor. 
The signal is shown to be amplified by connecting 
the audio amplifier (and oscilloscope) at the 
input, then the output. The projection meter is 
left connected, and a quick demonstration of 


the variation of amplification and distortion with 
operating conditions may be made. Next the 
audio oscillator is turned off and the feedback 
network shown is plugged in from output to 
input. The resulting howl (provided the gain 
control is set high enough) demonstrates that 
any amplifier may be made into an oscillator 
by the proper phase of feedback, if there is 
enough gain to overcome the losses in the loop. 


Fic. 9. View of lecture setup for the triode demonstration 
showing the projection volt-milliammeter in the background 
and, left to right, one power supply, the audio oscillator, 
the triode chassis, the meter control box, the second 
power supply, the audio amplifier, and the speaker. Note 
the two plugs for the voltmeter and the milliammeter, both 
of which are left inserted. The indication is changed by the 
control-box switch without moving the plugs. 
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All these things require practically none of the 
lecturer’s time for altering the setup. He may 
demonstrate as fast as he can talk. 

The audio amplifier is designed for very low 
distortion and sufficient output to drive a good 
12-in. speaker to the point of rattling. It has 18 
db of inverse feedback and sounds very “‘clean.”’ 
There are three inputs: one at high level from 
the Jones plug and the banana jacks visible in 
Fig. 9, one at low level from a 50-ohm dynamic 
microphone line, and another from a photo- 
electric cell which may be plugged into the 
chassis. It has been found necessary to remove 
the photocell and ground the one 6SL7 grid to 
prevent hum pickup when using the microphone 
input. The component values for the later stages 
of this circuit may be found in the Triad Trans- 
former Manufacturing Company catalog. 


Fic. 10. View of the demonstration of Hertz’s experiment 
with modified Cenco uhf oscillator and receiver in the 
background. 


Another demonstration which has been built 
up in the same style is a modern version of 
Hertz’s experiment. In this case the Cenco* No. 
80435 ultra-high-frequency oscillator set has been 
modified for the purpose as may be seen in Fig. 
10. The block diagram is shown in Fig. 11. The 
power supply of the Cenco oscillator has been 
disconnected except for the filament transformer 
and plate power is fed from the radio frequency 
modulator whose circuit is shown in Fig. 12. 
This modulator may be keyed with the push 
button, or the push button may be locked 
closed so that a musical signal from the record 
player may be used. This is an RCA 45-rpm 
changer which was chosen for its small size, 


3 Central Scientific Company, 1700 Irving Park Road, 
Chicago 13, Illinois. 


Fic. 11. Block diagram of the demonstration of Hertz’s 
experiment. The circuit detail shows the wiring of the 
detector circuit built into the handle of the receiver. 


low cost, and the fact that it changes records 
very quickly and repeats a record indefinitely. 
This latter feature insures a steady modulation 
signal with no attention from the lecturer, once 
it is started. The dipole receiver of the Cenco 
equipment has been built into the insulating 
handle shown. In this handle is a 1N34 ger- 
manium-crystal detector and the rf filter shown 
in Fig. 11. The cable from the 50-ohm amplifier 
input plugs into the bottom of the handle. 

With this equipment, the polarization of 
electromagnetic waves may be shown, tuning of 
the receiver (Lodge’s experiment, strictly speak- 
ing) is seen to affect the reception, and there is 
sufficient gain in the equipment to allow the 
lecturer to wander about the room, exploring the 
standing-wave pattern produced by reflections 
from the walls, floors, and ceiling. The Lecher 
wires supplied by Cenco are used to show 
standing waves on wires by unplugging the 
dipole antennae from the detector handle and 
sliding the handle (set across the wires) along to 


+300 


Fic. 12. Circuit of the modulator from which plate 


power is fed to the uhf oscillator, either keyed or modulated 
with music. 
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4300 


Fic. 13. Light modulator circuit. The 1B59 is a crater- 
arc lamp which may be modulated up to a few thousand 
cycles per second with this circuit. 


find the maxima and minima by the variations 
of the musical signal received. While, in principle, 
little more can be shown with this equipment 
than with the dipole and lamp of the original 


Power|| Audio a 
Supply o Amp. u 


Power || Record || Light ~ 
Supply || Player Mod. 


Fic. 14. Block diagram of modulated light 
beam demonstration. 


Cenco apparatus, it has been found that the 
audible signal and the extended range of the 
signal excite more interest in the students. The 
modern version seems to have much more appeal 
for them. 


Fic. 15. Modulated light beam apparatus in action. 
Note the housing for the lamp and lens on the modulator 
chassis and the housing and light shield for the photocell 
plugged into the audio amplifier. 


A similar demonstration is performed later 
with a modulated light beam. The circuit of the 
light modulator using a Sylvania crater-arc lamp 
is shown in Fig. 13 and the block diagram in 
Fig. 14. The equipment is shown in use in Fig. 
15. A variation which seems to intrigue the 
students is to shoot the light from the lamp, 
which is focused into a parallel beam by a simple 
lens, out into the center of the lecture room where 
a student with a mirror may send it back to the 
photocell on the amplifier. The students bob 
about intercepting the beam and josh the one 
trying to aim the beam. 

The photoelectric effect is demonstrated with 
the apparatus of Figs. 16 and 17. One lamp is 
controlled by the relay in the photocell circuit. 
The other serves as a light source. A switch is 


Fic. 16. Photoelectric-cell demonstration showing the 
light source and the controlled lamp. The relay is left 
exposed so the students may see and hear it operate. 


provided to make the light source turn the con- 
trolled light either on or off and our usual mode 
of running the demonstration is as follows: first, 
the effect is shown with the switch set to make 
light on the photocell turn the controlled lamp on. 
Then, the switch is thrown to produce the reverse 
effect. This usually causes mild amusement. 
Finally, the source lamp is pushed aside, and the 
controlled lamp is placed before the photocell, 
resulting in oscillation of the electrical-optical 
loop and flashing of the lamp at a low audio 
rate, determined primarily by the relay charac- 
teristics. If done at the end of a lecture, this 
sends the students out laughing. While amuse- 
ment is not our primary purpose, used in 
moderation, it helps to get the physics across. 
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The last demonstration setup I would like to 
describe is the modification of the Universal 
Scientific Company* Model 600 electrical reson- 
ance demonstration. As may be seen in Fig. 18, 
this consists of a lamp, a coil with removable 
iron core, and a bank of four condensers con- 
trolled by switches. As supplied, this comes with 
the usual binding posts and jumper wires for 
changing the inductance and capacitance from 
series to parallel connection. These have been 
replaced by pairs of banana jacks for picking 
the potentials off across the lamp (used to 
measure the current), the inductance, and the 
capacitance. Two shorted double plugs are used 
to change the circuit from series to parallel. The 
potential across the lamp and that across either 
the coil or condenser are connected to the two 
pairs of input terminals of the Heath Electronic 


Fic. 17. Circuit of photocell chassis. 
Switch® which is in turn connected to the oscillo- 
scope. Because one side of each of the inputs of the 
electronic switch is grounded, it was necessary 
to put an isolation transformer between the 
board and the power line, and to put small 
filament transformers between the banana jacks 
and the three circuit elements. With these 
changes, it is possible to show the relative phases 


41102 Shelby Street, Vincennes, Indiana. 
_5 Heath Company, Benton Harbor, Michigan. 


Fic. 18. View of electrical resonance demonstration. 
Notice the wave forms of the current and potential across 
the inductance displayed simultaneously on the oscilloscope 
by use of the electronic switch (whose binding posts are 
replaced by banana jacks). 


of current and potential for an inductance, a 
capacitance, and for series and parallel resonant 
circuits as they are tuned through resonance by 
varying the inductance. The wave forms ob- 
tained are visible on the oscilloscope in the 
figure. As shown there, it is displaying the current 
through and the potential across an inductance. 
This has proven a quick, simple, and illuminating 
demonstration. 

Since the course of physics within the lifetime 
of this demonstration apparatus is unpredictable, 
it was intended that the design of this equipment 
would be sufficiently universal and adaptable 
that later modifications or additions to the 
demonstrations would be cheap and easy. The 
power supplies are good for almost anything 
and the signal sources and amplifier have proven 
useful in several demonstrations. We may 
certainly expect that in the future more and 
more demonstrations will be made electronically. 
Already we have found the amplifier, oscilloscope, 
and speaker very convenient for ‘ acoustics 
demonstrations by adding a medium-grade 
dynamic microphone® to the apparatus. 


6 Electro-Voice Model 630. 


As is so often the case, it was in unexpected directions that this wave of experimentation 
bore fruit—RosBert A. MILLIKAN, Autobiography (Prentice-Hall, 1950). 





The Reflection Method of Surface Tension Measurement 


Beta G. KoLossvary 
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Attention is called to a method of measuring surface tension of liquids, originally due to 
E6tvés, and suitable for advanced laboratory practice. The method is recommended when 
freedom from contamination is otherwise difficult to achieve, and when measurements are 
desired over a considerable range of temperature. 


ARON Lérdnd de E6tvés, the late director 

of the First Institute for Experimental 
Physics of the “PAazmany Péter’’ University of 
Budapest, worked out the theory and praxis of 
a unique method to measure surface tension. 

His so-called ‘“‘reflection method’ is of very 
high accuracy because of its independence of the 
angle of contact of the liquid. The author has 
used this procedure in measuring surface tensions 
of liquids in advanced laboratory work with 
great success. The essence of the experiment is 
the measurement of the vertical distance be- 
tween two surface elements of the liquid, the 
curvatures of which are known. In Fig. 1, FF is 
the vertical cross section of the free surface of 
the liquid, S; and S2 are two point light sources 
whose reflected parallel and horizontal rays are 
observed in the telescope of a cathetometer. The 
images of the light sources appear as two bright 
light spots in the telescope. Knowing the posi- 
tions of S; and S2 the angles 3; and #2 can be 
calculated. 

The cathetometer readings give the vertical 
distance Z.—Z, between the surface elements 
I, and I,. These data are sufficient to calculate 
the surface tension. 

The outline of the theory is as follows. Let us 
suppose that a large vessel with plane walls 
contains water. The water rises along the walls. 
The free surface of water far from the corners 
of the vessel will be cylindrical. The equation 
of this surface? is 


Z=av? sinkd, (1) 


where Z is the vertical position of any point in 
the surface measured from the level of the 


1 Moser, Ann. Physik 82, 963 (1927). 

2From Laplace’s equation. F. Kohlrausch, Praktische 
Physik (Teubner, Leipzig and Berlin), 19th edition, Vol. 
1, pp. 103-106. 


horizontal free liquid surface. The angle # is 
made by the normal of an element of the surface 
with the vertical direction and a is the constant 
of capillarity. 
The relation* between a and surface tension a 
is given by 
a? =2a/dg, (2) 


where d is the density of liquid. The dimension 
of a is length and its value gives the height to 
which the wetting liquid climbs along a vertical 
plane wall. The numerical value of a shows also 
the work needed to increase the surface by unit 
area. If #1, #2, and Z,, Zs, respectively, are the 
values pertaining to J; and J, (Fig. 1), then 
after substitution into Eq. (1), one obtains 
Z2—-Z, 
a= ——_____——_.. (3) 
v2 (sind 2/2 — sind, /2) 


The same method can be applied to free sur- 
faces of revolution, for instance to the free sur- 
face of a liquid in a vertical tube. The differential 
equation‘ for a capillary surface of revolution 


reads 
r(dZ/dr) 


ad 


2r dr\ (1+ (dZ/dr)?}} 


(4) 


where Z is the same as in Eq. (1), 7 is the vertical 
distance from any point of the surface to the 
axis of revolution. If Z/a=¢ and r/a=p, then 
Eq. (4) reads 


p(dg/dp) 
2 pdp| [1+ (d¢/dp)?]}!) 


It can be seen that a, the characteristic constant 
of the liquid, the value of which depends on the 


(5) 


3 Reference 2, p. 103. 
4K. Tangl, Math. Fiz. Lapok 22, 118 (1918). 
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substance used, has disappeared from the for- 
mula. Hence, the differential equation of the 
surface for all liquids is the same provided the 
constant of capillarity is chosen as the unit to 
measure length. 


The solution of Eq. (5) is 


c= F(p, Ci, C2), (6) 


where C; and Cz are constants, the values of 
which can be determined as follows. 

The wetting liquid should be confined in a 
tube having a radius R. At points where the 
liquids contacts the wall the angle of contact 
is zero; therefore if ¢=R/a, then d{/dp= & ; at 
the deepest point of the meniscus, where p=0, 
¢ has a maximum; therefore, df{/dp=0. From the 
above values C; and C2 can be calculated as 
functions of R/a. Therefore, 


2, 


and @ is the same for all kinds of liquids. 

Let us take now two different liquids with the 
constants a and a’. The liquids should be sealed 
into tubes for which R/a=R’/a’. Then for all 
points for which the condition r/a=r’/a’ is 
fulfilled, Z/a=Z'/a’ and dZ/dr=dZ'/dr' ;i.e., the 
two surfaces are similar. If the angles of inci- 
dence of the two rays S,J; and S2JI2 (Fig. 1) on 
both surfaces are the same, then 


(Z2’—Zy')/a 
Z2—-Z, 
(Z2—Z;)/R= (Zo! —Zy')/R’. 


(Z2—Z;)/a=(Z2'—Z,')/a’; a= 


and 


From these relations the procedure is evident. 

A series of different tubes (the inside radii of 
which are between 20 mm and 10 mm) is filled 
with a liquid of known constant and the value 
of (Z2—Z,)/R is determined for each of the 
tubes. The same angles of incidence should be 
used throughout the experiments. Similar tubes 
are filled with the liquid to be investigated. The 
quantity (Z2’—Z,’)/R’ should be determined for 
each tube using the same angles of incidence 
throughout the measurements. From the values 
obtained those only are selected which fulfill the 
condition (Z2—Z1)/R=(Z2’—Z,’')/R’; then R/a 


Fic. 1. Line FF is the vertical cross section of the free 
surface of a liquid. Lines SJ; and S2J2 are incident rays 
from the point light sources S; and Se, respectively. The 
angles 3; and #2 are made by the normal of the surface 
element and the vertical direction, Z2—Z; is the vertical 
distance between the surface elements measured in the 
telescope of a cathetometer. 


=R’/a’ or (Z2—Z;)/a= (Z2'—Z;')/a’ and a’ can 
be calculated. 
This method has the following advantages: 


1. It is independent of the angle of contact. 

2. The liquid can be sealed into the tube and 
therefore contamination can be prevented. 

3. The liquid can be investigated at higher 
temperatures than the boiling point,—right up 
to the critical temperature. 

4. Measurements made at different tempera- 


tures give the experimental verification of the 
Eétvés law,®® 


d 
—(avt) =0.227, (8) 
dt 


where a is measured in milligram weight/milli- 
meter, and v is the molar volume. In words, the 


TABLE I. Temperature coefficients of molecular 
surface energy of different substances. 


Temperature range 


dal 
Substance (degrees C) ao) 


Ethyl ether 6-62 
62-120 

120-190 
20-60 


3-31 


0.228 
0.226 
0.221 
0.230 
0.228 


Chloroform 
Carbon dioxide 


5 P. Walden and R. Swinne, Z. physik. Chem. 82, 271 
(1913) 


¢ E. Madelung, Physik. Z. 14, 731 (1913). 
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temperature coefficient of the free molecular 
surface energy is constant. 
The law can be written in another form too: 


av!=0.227(T)—T), (9) 


where J) is the temperature for which a=0. 
According to the measurements T9 is equal or 
very close to the critical temperature of the 
substance. 


The constancy of the temperature coefficient 


BELA G. KOLOSSVARY 


of the molecular surface energy is shown in 
Table I with values obtained in the laboratory 
for different substances. Water and alcohol 
behave rather differently. In the case of water, 
if we suppose that the molecules are H,O» rather 
than H.O, the value of the coefficient between 
100°C and 210°C is 0.228 which shows that the 
liquid water molecules at these temperatures 
are double the size of the molecules of water 
vapor. 


The Theory of Mechanical Electrometers 


RAYMOND J. MuNICK 
Argonne National Laboratory, Lemont, Illinois 


(Received December 15, 1952) 


The theory of a generalized mechanical electrometer is developed in terms of the direct 
capacitances and potential differences between each pair of conductors comprising the elec- 
trometer, regardless of which is the movable conductor. A criterion is established for stable 
static equilibrium of the movable conductor. A distinction is made between voltage and charge 
measurements. General expressions are obtained for voltage and charge sensitivities, period, 
and the magnitude of random fluctuations in position of the movable conductor. 


INTRODUCTION 


MECHANICAL electrometer is an electri- 

cal instrument that indicates charge or 
potential by means of the displacement of a 
movable conductor. The essential features of 
such an instrument, which are depicted in Fig. 1, 
are a movable conductor represented by the fine 
wire, and fixed conductors represented by the 
disk-shaped electrodes and the cylindrical case. 
The deflection through the angle @ indicates 
potential or charge. 

The method indicated by Fig. 1(a) is called 
idiostatic, because the entire deflection is pro- 
duced by the potential that is measured. The 
method indicated by Fig. 1(b) and Fig. 1(c) is 
called heterostatic, because auxiliary potentials 
are employed.! 

The theory of mechanical electrometers has 
been discussed in terms of simplified models? or 

1J. C. Maxwell, A Treatise on Electricity and Magnetism 
(reprinted by Lowe and Brydone, Printers, Ltd., London, 
1946), third edition, Vol. I, p. 335. 

? G. Hoffmann, Wien-Harms Handbuch der Experimental- 
physik (Akademische Verlagsgesellschaft M. 
Leipzig, 1930), Vol. 10, p. 45. 

3W. W. Hansen, Rev. Sci. Instr. 7, 182 (1936); H. 


V. Neher, Strong’s Procedures in Experimental Physics 
(Prentice- Hall, Inc., New_York, 1938),jChap. VI. 


= 


in terms of particular instruments.*:> However, 
it is possible to devise a general theory without 
considering the particular details of any such in- 
strument or which conductor moves or which 
method, idiostatic or heterostatic, is used. This 
is done in terms of the direct capacitances and the 
potential differences between each pair of 
conductors. 


ELECTROMETER FACTORS 


The important factors in determining the 
characteristics of an electrometer are the forces, 
electrical and nonelectrical, which act on the 
movable conductor. Since the discussion is the 
same whether it is expressed in terms of forces 
and linear displacements or in terms of torques 
and angular displacements, only one terminology 
is employed, that of torques and angular deflec- 

4F. Kottler, Geiger-Scheel Handbuch der Physik (Verlag 
von Julius Springer, Berlin, 1927), Vol. XII, p. 397; F. A. 
Laws, Electrical Measurements (McGraw- Hill Book Com- 


pany, Inc., New York, 1938), second edition, Chap. V, 

p. 230. 

P SW. Makower and H. Geiger, Practical Measurements 
in Radioactivity (Longmans, Green and Company, New 
York, 1912), Chap. I; A. H. Compton and K. T. Compton, 
Phys. Rev. 14, 85 (1919); Lindemann, Lindemann, and 
Keeley, Phil. Mag. 47, 577 (1924). 
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tions. In the absence of torques the movable con- 
ductor assumes a position, which is referred to 
as the zero point. Under the influence of the 
electrical torque Z and the mechanical, or non- 
electrical, torque R the movable conductor as- 
sumes a position, which is specified by the 
angle @. 

The two significant features of the mechanical 
torque R are that its magnitude is zero at the 
zero point and increases with increase in @ and 
that it is always negative, or tends to reduce 
6 to zero. 

The electrical torque L is a function of the 
angle 6 and of the potentials of all the conductors. 
This can be shown as follows for a general 
electrometer system comprised of » conductors, 
where % is greater than one. 

Let Q, refer to the charge and V, to the poten- 
tial of the rth conductor, A,. The charge on A, 
is a linear function of all the potentials. This 
principle may be expressed in the form 


Q-=Ca(Vr— Vi+ pi 
+Cr.(Vre— Vs) +++ + +Cin(V-— Vz). (1) 


The coefficient C,, is said to be the direct capa- 
citance between A, and A,.° It is always positive, 
and C,, is equal to C,,. The quantity 


Cr=CrntCrt aes ~+Cre+ ~ “+Crn 


is called the total capacitance of A,, since it 
represents the direct capacitance between it and 
all the other conductors connected together to 
form a single conductor. There are $n(n—1) 
independent direct capacitances in a system of 
n conductors. The six direct capacitances in a 
system of four conductors are pictured in Fig. 2. 

In principle, all the direct capacitances can 
change when the movable conductor deflects. 
For the sake of the general discussion all of these 
changes are considered, although in practical 
instruments, many of them are negligible, 
particularly the changes in the direct capaci- 
tances between the fixed conductors. 

Now if the movable conductor is deflected 
from @ to 6+ Aé while all the potentials are held 
constant, because of the changes in the capaci- 

® American Standard Definitions of Electrical Terms 
A. S. A. No. C42 (American Institute of Electrical Engi- 
neers, New York, 1941), p. 28; W. B. Boast, Principles of 


Electric and Magnetic Fields (Harper and Brothers, New 
York, 1948), Chap. 8. 


B 
ee 


(c) 


Fic. 1. Electrometer arrangements for measuring poten- 
tial V. Electrical attraction of left disk deflects fine wire 
through angle 6. (a) Idiostatic method, (b) and (c) hetero- 
static method. 
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tances charge must be supplied to the conductors 
by sources of potential, such as batteries, in 
order to keep the potentials constant. The work 
done by the sources of potential in supplying 
charge is given by 


W = V,AQi+ V2AQ2+ --- 
+ V,AQ-+ oe + V,»AQz. (2) 


This is equal to the work done by the electrical 
torque L and the increase AE in the electrostatic 
energy of the system, or, it is given by 


W= f Ld0+AE. (3) 


As a function of the charges and potentials the 


Fic. 2. Direct capacitances in a system of four conductors. 


electrostatic energy E can be written as? 
E=3(QiVitQeVot+::: 
+0Q,V,+: . *+Qn V4). (4) 


From Eqs. (2) and (4) it follows that W=2AE. 
Therefore, Eq. (3) can be simplified to 


f Ld0=AE. (5) 


Hence, it follows that 
L=0E/ 90, (6) 


where the derivative is taken with all the poten- 
tials kept constant. 


7 See reference 1, Chap. III. 


RAYMOND J. 


MUNICK 


When the charges in Eq. (4) are replaced by 
the equivalents in terms of direct capacitances 
and potential differences, the expression for the 
electrostatic energy reduces to the form 


E= 3(Cio( Vi _ V2)?+ pa + C..(V-— Vy 
+ ae + Cn-1.n(Va-1— V.)*), (7) 
which consists of 4n(m—1) terms, one for each 


direct capacitance. Performing the operation in- 
indicated in Eq. (6) gives the result that 


dCy2 dC, 
L=i] (Vi — V2)?+ - --+—(V,-—V,)? 
de d6 


dC.-1.5 


Waa v,)| (8) 


It is seen that the electrical torque is a func- 
tion of the potentials explicitly and of @ im- 
plicitly through the derivatives of the direct 
capacitances. 


ELECTROMETER CHARACTERISTICS 


In the operation of an electrometer the poten- 
tials of all the conductors except one are kept 
constant. The movable conductor then attains 
two types of steady position: (1) indicative of 
the potential or charge on the remaining con- 
ductor, say A,, or (2) the same regardless of the 
potential or charge on A,. The second type of 
situation arises if this potential or charge or the 
auxiliary potentials are too large. For example, 
in the instrument of Fig. 1(a) certain values of 6 
correspond to certain values of V, but the same 
value of 0, for which the wire is constrained by 
contact with the deflecting electrode or by very 
near approach to maximum capacitance, may 
correspond to all values of V above a certain 
critical value. An additional complication arises 
in the instruments of Fig. 1(b) or Fig. 1(c). If in 
either one the auxiliary potential exceeds a 
critical value, the wire moves abruptly from the 
zero point to the same fixed position. In the dis- 
cussion it is assumed that the movable conductor 
takes stable equilibrium positions indicative of 
the potential or the charge on A,. Instability is 
said to occur if a transition takes place to the 
second type of equilibrium position. 

The necessary requirement for static equilib- 
rium of the movable conductor is that the sum 
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xy 


WZ 


of the torques is zero, or that 
L+R=0. (9) 


If the movable conductor is given a small dis- 
placement from the equilibrium position @ to 
6+ Aé, the resultant torque increases from zero to 


oL dR 
—" o Ad= — KAO. 

If the equilibrium at @ is to be stable, the re- 
sultant torque at 6+ A@ must act to restore the 


movable conductor to @. Hence, the requirement 
for stability is that 


as (10) 
060 «dé 

The quantity K will be called the effective 
torsion constant. 

The quantity dR/d@ is always negative, since 
R is always negative and increases in magnitude 
with 6. The quantity 9L/00 can be positive or 
negative, depending upon the construction and 
adjustment of the electrometer. Also, it depends 
upon the circuit to which A, is connected. Thus, 
if the electrometer is connected to a source of 
potential, as shown in Fig. 3(a), the value of 
0L/00@ is different than if the electrometer is 
connected in such a way that A, is insulated, as 
shown in Fig. 3(b). In the first instance, varia- 
tions in 6 do not affect V,, and it follows that 


( ~) | 
waosy Le 


d Ce 
+ (¥,- VF +: 
de 


(F,~ F+ 


HC. n—1 


——(V,—Vn-1)*], (11 
ae »| (11) 


where the subscript V is to indicate that A, is 
connected to a source of potential. In the second 
instance A,, which is augmented by electrode A 
and the addition of C,x to its total capacitance, 
is insulated, and Q, remains constant with re- 
spect to variations in 0, although V, now varies 
with the changes ir the capacitances. In this 
circumstance L is a function of 6 explicitly 


(b) 


Fic. 3. Methods of connecting electrometer. 
(a) To source of potential, (b) insulated. 


through the derivatives of the capacitances and 
implicitly through V,. It follows that 
aa , (12) 
Q 


GiGi 


where the subscript Q is to indicate that A, is 
insulated and 


OL _ ten 


(V,—Vi)+:: + (V,—V,). 
av. ' . 


From Eq. (1) it is found that 
oL OV, 
_ +0, ) , 
aV, a0 / 9 
where C, is the total capacitance of A,, including 


Cas. The elimination of (dV,/00)q from Eq. 
(12) with the aid of Eq. (13) gives the result that 


(2) (2-42). « 


More simply this result can be expressed in the 


(13) 
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form 


oL \? 

Ke=Ky+— ~(— ; (15) 
C,\ AV, 

where Kg is the effective torsion constant when 
A, is insulated, Ky is the effective torsion con- 
stant when A, is connected to a source of poten- 
tial, and C, is the total capacitance of A, when 
it is insulated. Thus, the effective torsion con- 
stant depends upon which way the electrometer 
is used. 

If the electrometer is connected to a source of 
potential whose potential is V, then A, attains 
the potential V irrespective of the value of 6. 
However, to each value of V within the limits of 
electromechanical stability there corresponds one 
equilibrium value of 6. The equilibrium values 
of @ are related to V by means of Eq. (9), and 
in terms of equilibrium @ a voltage sensitivity 
Sy can be defined as 


Sy =d0/dV. (16) 


From Eq. (9) it follows that 


d@ dR dé 


—+(> = do dV 


and that therefore 


Sy=Ky"aL/av. (17) 


With increasing auxiliary potential Ky may in- 
crease or decrease. In the former instance there 
can be a maximum voltage sensitivity for some 
value of auxiliary potential. In the latter instance 
the voltage sensitivity can be increased in- 
definitely until instability is attained. 

Similarly, if A, is connected to an insulated 
conductor, the total charge Q on it and the in- 
sulated conductor remains constant regardless 
of the value of 6, but to each value of 
Q within the limits of electromechanical sta- 
bility there corresponds one equilibrium value 
of 6. The equilibrium values of @ are related to 
Q by means of Eq. (9), and in terms of equilib- 
rium @ a charge sensitivity Sg can be defined as 

Sq=d6/dQ. (18) 
From Eq. (9) the charge sensitivity is found to be 
Se 


=KaL/a0. (19) 








RAYMOND J. 





MUNICK ae 
The charge sensitivity can have a maximum 
value as did the voltage sensitivity, but not for 
the same value of auxiliary potential, or it can 
increase indefinitely until instability sets in. 
With the aid of Eq. (15) and the substitution 
OL aL (—) 1 oL 
0Q AV\AQ’e C,aV 


the expression for charge sensitivity can be put 
into the form 


1 oL 
js C, dV (20) 
—————__—_—_—, 0 
1 / aL? 
Kr+—(—) 
C,\aV 
If the term 
1/C,(dL/aV)? 
is neglected, then Eq. (20) simplifies to 
Sq=C,'Sy. (21) 


Experiment has indicated, however, that this is 
sometimes a poor approximation.® 

For very sensitive charge measurements Hoff- 
mann?* has suggested the adjustment of Ky to 
zero, which renders the electrometer unsuitable 
for voltage measurements. The Hoffmann duant 
electrometer can be adjusted to operate in this 
manner.® The charge sensitivity 
simply 


reduces to 


Se=(aL/aV)-. (22) 


The addition of charge AQ to A, causes the 
potential to change by an amount 


AVe= AQC,}, 


where the subscript is to indicate constant 06. 
The momentary increase in potential increases 
L, which causes the movable conductor to move 
an amount A@ at constant charge. Then it follows 
from Eq. (13) that 


OL Aé 


oo oe 


av Cc, 


8 J. J. Thomson, Phil. Mag. 46, 536 (1898), quadrant 
electrometer. E. G. Cox and G. C. Grindley, J. Sci. Instr. 
4, 413 (1927); E. E. Watson, Proc. Cambridge Phil. Soc. 
25, 67 (1928); o.. ee Pockman, Rev. Sci. Instr. 7, 238 
(1936); all three Compton electrometer. G. Lukens, Rev. 
Sci. Instr. 3, 239 (1932), electroscope. 

®See F. Kottler, reference 4, Vol. 


XVI, Chap. 8, pp. 
245-6. 
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where the subscript is to indicate constant charge. 
The net change in potential is given by 


AQ aL Ae 
a¥et+ dF ge 
gS we 


which is zero in virtue of Eq. (22). Hoffmann? 
has suggested the special name quantimeter, 
since the instrument measures quantity of 
charge without change in potential. 

An indication of the quickness of response of 
an electrometer is given by the period of a 
friction free oscillation of the movable conductor 
about a position of stable equilibrium. Since the 
effective torsion constant for a small displace- 
ment is K, then the period of a free oscillation 
is given by 


7=27l]'K-}, (23) 


where J is the moment of inertia of the movable 
conductor. Since Kg is always greater than Ky, 
it follows that the period is always less if A, is 
insulated than if it is connected to a source of 
potential. The effect of small K is to increase 
the period as well as the sensitivity. 

The quantity K also affects the magnitude of 
the fluctuations in position of the movable con- 
ductor which occur because of the random 
motions of the electrons, atoms, and molecules 
composing the system. Regardless of the mecha- 
nism involved the average energy of these fluc- 
tuations is kT per degree of freedom, where k 
is Boltzmann’s constant and T is the absolute 
temperature of the system. For fluctuations of 
magnitude A@ from a position of stable equilib- 


rium the mean energy is given by 
3K ((A0)?) a = 3RT. (24) 


It is seen that the fluctuations increase in magni- 
tude as the sensitivity is increased by decreasing 
K. Practically the sensitivity cannot be increased 
beyond the point where the fluctuations are 
obtrusive. 

Barnes and Silverman” point out that such 
fluctuations, of the nature of Brownian motion, 
constitute a natural limit to all measuring proc- 
esses. They emphasize the principle that the 
root-mean-square fluctuation depends upon the 
absolute’ temperature without regard to the 
details by which the fluctuations are produced, 
that, for example, the root-mean-square fluctua- 
tion of suspended mirrors is the same at at- 
mospheric pressure as at 10~‘ mm, although the 
character of the fluctuations is different. Experi- 
ments on the Hoffmann duant electrometer, 
which Barnes and Silverman review, support 
the theory of fluctuations with respect to 
electrometers. 
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It is shown that the forces on a nonplanar circuit with a steady current in a uniform mag- 


netic field are the same as those on an equivalent plane circuit uniquely determined. The proof 
involves several remarks of mathematical interest. 


N most conventional treatments of magneto- 

statics only the planar circuit is considered. 
In general, these treatments involve the equiva- 
lent current mesh and the equivalent magnetic 
shell. As far as the nonplanar circuit is concerned 
the usual treatments!” are generally cursory and 
follow the above procedure with the details of the 
discussion chiefly omitted. The present authors 
propose a brief consideration of the nonplanar 
circuit which invokes neither of the devices 
mentioned above and to their minds fits more 
satisfactorily into the present-day approach. 
Our physical considerations involve only the 
fundamental Lorentz force and the definition 
of magnetic moment for a current distribution.® 
In what follows we make use of the concept of 
the vector area of an arbitrary surface which 
might find application in other contexts. 

We now consider an arbitrary closed curve C 
and an arbitrary surface S bounded by C. We 
choose a positive sense of describing C. Then to 
to each element of area do on S corresponds a 
vector area de, oriented normal to S, whose 
positive sense is determined by the positive sense 
of describing C. In the case of a closed surface 
de will be directed outward. We define the vector 
area associated with S to be 


s= f de. 
s 


It is to be noted that, in general, the mag- 
nitude |S| of the vector area is smaller than the 


(1) 


1Sommerfeld, Vorlesungen uber Theoretische Physik 
(Dieterich’sche — W. Klemm, Wies- 
baden), Bd. III, p. 124. 

2 Abraham- Sein Theorie der Electriztat (Edwards 
Brothers, Inc., Ann Arbor, Michigan, 1945), Bd. II, p. 98. 

3 Stratton, Electromagnetic Theory (McGraw- Hill Book 
Company, New York and London, 1941), pp. 235-238. 


actual area of the surface S, since 


facls 
s 


The vector area associated with any closed sur- 
face = is zero, since its component in any direc- 


tion is zero. (If u is an arbitrary constant unit 
vector, then 


wz= fu-do- f V-udv=0.) 
z= <z 


Consider two arbitrary surfaces S, S’ bounded 
by C, and let = be the closed surface S+S’, then 


0= fao- fae 


This shows that all surfaces bounded by C have 
the same vector area. Thus we may associate with 
curve C a unique vector area S(C). This unique 
vector S(C) can be constructed simply from its 
components along the coordinate axes. The 
x component of S(C), for instance, has the mag- 
nitude of the plane area enclosed by the pro- 
jection C,, of C on the yz plane. 

Let C, be the projection of C on a plane with 
unit normal n and let S, be the plane area 
bounded by C,. Then 


S.= [n-de=n- fdo=n-s. 
s s 


The plane direction for which S, is maximum is 
clearly given by n=S/|S|. Then S,=S and 
S,=S. This direction n is unique, since S(C) is 
unique. 

With these preliminaries we now consider an 
arbitrarily shaped closed circuit C with a steady 
current J, placed in a uniform magnetic field B. 


[S| = 


fiael =actual area of S. 
s 


Naas S-—Ss’. (2) 
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NONPLANAR CIRCUIT 


On each linear element dl we assume a force 
dF = Id1XB. 


The total force in this case is zero: 


P= § a= g IdxB=—IBx g d=. (3) 
Cc Cc Cc 


Thus the circuit can be subject only to a torque 
T whose axis must pass through the center of 
mass of curve C. This torque is 


= Id\XB). 4 
px xB) (4) 


By an elementary vector transformation 


T=1§ dG-B)— DB g ral (5) 


Upon application of Stokes’ theorem the second 
integral vanishes. Successive vector transforma- 
tions applied to the first integral yield 


T=1§ ale-B) 
c 


=1fdoxve-B)=1f doxs (6) 


and therefore 
T=JS(C)XB=IS, xB. (7) 


This proves the primary contention of the 
authors. An alternative to the vector identities 
of Eq. (6) may be deduced from the derivation 
by Goldstein‘ of the torque on a volume distribu- 


4H. Goldstein, Am. J. Phys. 19, 100 (1951). 
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tion of current, as produced by the rotation of 
a charged body. 

Now, for an extended volume distribution of 
current J the magnetic moment is defined to be 


M=4 [rx Jao. 


v 


In the case of an arbitrary closed line current 


this becomes 
F 
M=- g rXdl. (8) 
2J ¢c 


The reader can verify at once that 4 cr Xd is 
just equal to the vector area associated with 
curve C. We may then write 


M=IS=IS, 
and (9) 
T=MxgB. 


As a simple illustration we may consider the 


curve C bounding the area defined by the 
equations: 


— 3acx a, — ja<y< 3a 


ge = R?, 
z>0, a<v2R. 


Let a steady current I flow through the circuit 
C placed in a uniform magnetic field B parallel 
to the y axis. Our result shows immediately that 
the vector area is parallel to the z axis in the 
positive direction and has magnitude a*. The 
torque is then parallel to the x axis in the nega- 
tive direction and has magnitude Ja*B. 

An attempt at the solution of this problem 
using either the magnetic shell method or a line 
integral around C will show the advantages 
of the method outlined in this paper. 


' 


The Ryerson Laboratory was being dedicated in connection with the June convocation, 
and I had a special invitation to the dedicatory exercises. My first view of Michelson was at 
the convocation. He gave the address on the place of very refined measurement in the progress 
of physics—an address in which he quoted someone else, I think it was Kelvin, as saying 
that it was probable that the great discoveries in physics had all been made, and that future 
progress was likely to be found in the sixth place of decimals. Later, in conversation with me, 
he was to upbraid himself roundly for this remark.—RoBert A. MILLIKAN, Autobiography 


(Prentice-Hall, 1950). 
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This paper makes available to the physicist two of the modern statistical tests for possible 
rejection of outlying observations. These two methods have been selected because they apply 
in a majority of the actually occurring situations and because they are so easy to use. 


PERENNIAL problem vexing the experi- 

menter is that of rejection of suspected 
data. For one hundred years attempts at the 
solution of this problem have been advanced, 
most of them to be themselves rejected as suspect. 
Fortunately, modern statistical theory has 
proposed useful, reliable methods for objectively 
rejecting deviant values. However, the solution 
is far from complete at present. 

This paper makes available to the physicist 
two of the modern statistical tests for possible 
rejection of outlying observations. These two 
methods have been selected because they apply 
in a majority of the actually occurring situations 
and because they are so easy to use. 


THE PROBLEM 


Here is a common problem facing experi- 
menters. The typical scientist, X. Perry Menter, 
makes a number (say five) of repeated measure- 
menis of some unknown quantity. The smallest 
value (or the largest) is so far removed from the 
other four that he suspects that it may be in 
error. However, Perry has no specific knowledge 
that a mistake actually did occur. Let us assume 
that he has no previous data from which to 
estimate the precision of measurement. How can 
he decide from the values themselves whether the 
suspected value is in error or not? 

The answer seems clear. He should consider 
the suspected value as in error when it seems 
too far from the other four values. But how can 


he judge when it is ‘‘too far from the other four 
values’’? 


A LOGICAL APPROACH 
Here is a simple, logical, objective criterion. 
Suppose Perry could somehow make millions of 


* Now at Sylvania Electric Products, Inc., Hicksville, 
New York. 


sets of five observations each. Suppose, too, 
that he could guarantee that none of these ob- 
servations had any mistakes. Call a typical set 
X1, X2, X3, X4, Xs, where the x’s are arranged in 
order of size, so that x1<xe<x3<x4<x5. Now a 
logical measure of the distance between the 
smallest value and the other four values is 


Xe—-X1 
rie ’ 
X5—-X1 


i.e., the ratio of the interval between the sus- 
pected and adjacent value to the total range. 

Now Perry records with what frequency, 
among his millions of sets of five values each, 
different values of r19 occur. He finds that a value 
of rio larger than 0.780 occurs one time in one 
hundred. He then reasons this way: 

‘“‘T have found that among sets of five observa- 
tions each (containing no mistakes) a value of 
rio larger than 0.780 is quite unlikely (occurs only 
once in one hundred). If, now, in my future ex- 
periments I get a set of five observations for 
which ry is larger than 0.780, I will conclude 
that my largest observation is in error.”’ 


CONFIDENCE IN THE TEST 


This seems reasonable. But what confidence 
can Perry have in such a procedure? How often 
will he consider as mistaken a perfectly good 
observation? How often will he consider ac- 
ceptable an incorrect observation? 

Clearly, from the way in which he derived the 
test, he will classify a perfectly good smallest 
observation as mistaken once among one hundred 
sets of five each, on the average. But there is no 
general answer to the question of how often he 
will let pass a mistaken observation. This de- 
pends on how ‘‘mistaken”’ the mistaken observa- 
tion is. If a very large error were made, his 
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test would tend to reject the observation almost 
certainly. If a very small error were made, his 
test would tend to reject the observation with a 
small probability. 

Figure 1 gives some idea of the performance of 
rio in detecting mistaken observations. It is 
based on a sampling experiment in which samples 
of five from a normal population with mean yz 
and standard deviation o were contaminated 
with values drawn from a normal population 
with mean (u+)o) and standard deviation co. 
The ordinate shows the percent discovery of 
contaminators (the proportion of the time the 
contaminating population provides an extreme 
value and the test discovers this value) while 
the abscissa shows i, the magnitude of the 
shift (error) of the contaminator in standard 
deviations. 

We said above that once in every 100 sets of 
values (on the average) Perry would consider as 
mistaken a perfectly good observation. If he were 
to reject this observation and then compute 
the mean and standard deviation of the re- 
maining values, these would be biased estimates. 
In addition, when a good observation is rejected, 
any further statistical tests of significance will 
become less reliable. This is the price that he 
must pay for improving the data in the cases 
where a mistaken observation is removed. 


MATHEMATICAL DERIVATION 


Of course, 0.780, the value of 719 that is ex- 
ceeded by chance 1 percent of the time (called 
the 1 percent level of significance of ri), is not 
determined by actually making millions of sets of 
five observations each. Rather it may be calcu- 
lated mathematically! with even greater accuracy 
than if millions of sets of five observations had 
been used. The basic assumption is that the 
repeated measurements would follow the normal 
distribution. 


LARGER SAMPLE SIZES 


For sample sizes larger than seven, slight 
modifications in the ro statistic result in a more 


1 Dixon, Ann. Math. Stat. 22, No. 1, 68-70 (1951). 


Fic. 1. Performance of r test. The ordinate shows the 
percent discovery of contaminators, while the abscissa 
shows A, the magnitude of the shift (error) of the con- 
taminator in standard deviations. From W. J. Dixon, 
Ann. Math. Stat. 21, No. 4, 493 (1950). 


sensitive test. Thus for sample size n = 8, 9, or 10, 


X2—-X1 
ra 


Xn-1 —%X1 


is superior to 719. Similarly for m= 11, 12, or 13, 


X%3—-X1 
ray = 
Xn-1—%X1 


is superior. Finally for n=14, 15, ---, 30, 


X3—X1 
f= 
Xn-2 —X1 
is best. 


USE OF TABLE I 


Let us now define r as the appropriate statistic 
among fio, 711, Y21, and fee according to the 
sample size. Table I gives critical values of r for 
significance levels a= 5 percent and a=1 percent, 
for sample sizes from n=3 to 30. 

Thus for example for »=8 and a=5 percent, 
the table gives a critical value for 7 (in this case 
ri) of 0.554. This means that in 100 sets of 8 
observations each, free of mistakes, five values of 
ri, will be larger than 0.554, on the average. 

What if Perry suspects the acceptability of the 
largest observation in a set? In this case, he 
simply considers the observations as numbered 
in the reverse order and proceeds as before. 
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TABLE I. Testing for extreme observation (no past data).* 


Critical values 
a=5 percent a =1 percent 


0.941 0.988 
0.765 0.889 
0.642 0.780 
0.560 0.698 
0.507 0.637 


0.683 
0.635 
0.597 


0.679 
0.642 
0.615 


Statistic Sample size n 


0.554 
0.512 
0.477 


0.576 
0.546 
0.521 


0.546 
0.525 


0.641 
0.616 


0.507 
0.490 
0.475 
0.462 
0.450 


0.595 
0.577 
0.561 
0.547 
0.535 


0.524 
0.514 
0.505 
0.497 
0.489 


0.486 
0.475 
0.469 
0.463 
0.457 


0.440 
0.430 
0.421 
0.413 
0.406 


0.399 
0.393 
0.387 
0.381 
0.376 


® By permission from W. J. Dixon and F. J. Massey, Introduction 
A ace (McGraw-Hill Book Company, Inc., New York, 
Be ; 


Why are two significance levels given? The 
reason is that no one significance level is ap- 
propriate to all problems. For example, consider 
these two cases: 


(a) Additional observations are not possible. 
(b) Additional observations are possible. 


In case (a) for many problems it might be 
appropriate to compute 7 and test it at the 1 
percent level of significance. If the particular 
observed value of r is larger than the tabulated 
value for a=1 percent, it might then be a good 
idea to exclude that observation. 

In case (b), for many situations a reasonable 
procedure might be to test r at the 5 percent 
level. If the sample value of r is significant at the 
5 percent level, one or more additional observa- 
tions would be taken. If the observation orig- 
inally suspected remained outlying, it would be 
tested again, using the combined set of observa- 


FRANK PROSCHAN 


tions. This time, however, the 7 test would be 
performed at the 1 percent level of significance. 
If the outlier were significantly deviant at the 
1 percent level, it would be rejected. It should 
be noted that among many sets tested in this 
way, the proportion of sets in which a perfectly 
good largest value will thus be rejected will be 
less than 1 percent. This is because the observa- 
tion has a “‘second chance”’ before it is finally 
rejected. 


SUMMARY 


A set of observations is made. No previous 
data are available from which to estimate the 
variability of a measurement. What is a rational 
procedure for testing whether the largest (or 
smallest) of the set is too deviant to be explained 
by the ordinary errors of measurement? 

Rank the z observations in order of size from 
smallest to largest, if the smallest observation is 
suspected, 


Hix + °° SXp; 


reverse the numbering system if the largest is 
suspected. 


Next compute 


X2—-%X1 
Ti0= 
Xn —X1 


if n=3 to 7 


X2—-X1 
‘n= 
Xn-1—X1 


if n=8 to 10 


Xx3—-X1 
f21= 
Xn-1 —%X} 


if m=11 to 13 


X%3—X1 
’33.= 
Xn-2 —X1 


if n=14 to 30. 


Table I may be used to determine how likely 
it is to get as large a value of 7 as actually ob- 
tained, simply by chance. A procedure that might 
be appropriate for many problems is as follows. 


(a) No additional observations possible. In this 
case, compared the computed 7 with the value 
in Table I at the 1 percent level. If the com- 
puted value of r is larger than the tabulated 
value, exclude the deviant observation. Other- 
wise, do not. 
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(b) Additional observations possible. In this 
case, compare the computed 7 with the value 
of r at the 5 percent level. If the computed value 
of r is larger than the value, take one or more 
additional observations. Otherwise accept the 
suspected value without taking additional 
observations. 

If, in the enlarged set (containing all the 
original and the additional observations), the 
previously suspected value remains outlying, 
compute r for the enlarged set. This time com- 
pare it with the value at the 1 percent level. 
If the computed value exceeds the table value, 
exclude the outlier; otherwise do not. 


EXAMPLES 


1. In a preliminary experiment, Silas N. Tist 
makes 5 determinations of the velocity of light 
in vacuum by a new method, obtaining 299 792, 
299 780, 299 795, 299 786, 299 820, (km/sec). Si 
N. Tist suspects the last value, 299 820, as being 
mistaken since it is so much larger than the other 
values. Before going on with additional experi- 
mentation, Si wishes to decide whether 299 820 
is mistaken or not. What shall he do? 

Since no previous data are available from 
which to compute the precision of measurement 
by this new method, the r test is appropriate. 
The first step is to arrange the five values in 
order of size: 299 780, 299 786, 299 792, 299 795, 
299 820. Then 


299 820 —299 795 25 


"299 820-299 780 40 


Since this is less than 0.780, the 0.01 point of 
r for n=5, Si N. Tist concludes that 299 820 is 
not mistaken. 

2. Using the Atwood machine, Norris G. Neer 
makes determinations of g, the acceleration of 
gravity, in his college course in experimental 
physics. N. G. Neer’s values are: 986, 964, 989, 
1000, 987, 909, 999 (cm/sec?). He suspects 909 
as being inconsistent with the other values. 
Shall he accept it, or shall he experiment further ? 

He computes 


This value lies between the 0.01 and the 0.05 
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points of r for ~=7. Hence N. G. Neer makes an 
additional determination and gets a new value 
of 971. 

Since 909 remains outlying in the enlarged set 
of eight, he computes 7 for this set of eight. Now 
r(ri1) is 0.611. Since it is smaller than the 1 per- 
cent level of r for »=8, N. G. Neer accepts 909 
and uses all eight values. 


ESTIMATE OF MEASUREMENT VARIABILITY 
AVAILABLE 


In a great many laboratory situations, past 
data are available for estimating the uncertainty 
of a measurement. It is clear that where such 
information is available, it should be used in 
deciding whether an outlier is mistaken or not. 
This will make the decision more reliable than 
if only the one set containing the suspected value 
is used. 


The u Test 
The test ratio used now is 


(If x, is the suspected value) 


(If x; is the suspected value), 


where 


%=mean of the set of observations, 
$qg=standard deviation of an individual measure- 
ment, based on d degrees of freedom. 


Calculating s, 


To determine sq from a single set of measure- 
ments we would first calculate the sum of the 
squares of the deviations of the observations 
from their mean. Then we would divide by one 
less than the number of observations. This 
would give us an unbiased estimate of the 
variance s,”. Thus, 


st=(E (a) / a1). 


On the other hand, suppose a number of sets of 
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observations were available: 


1 X11), 
2 X21, 


X12, °°, Xin, 


X22, °° *%, X2ne 


k Xkiy Xk2y ***%, Nkng 


Now we could calculate s,? from 


nmi no 
si (= (x1; -%:)? +>. (x2; —%2)? +--+ 
i=1 


+E (vu —au)*) / (m=) 
+(m.—1)+---+(m,-1)), (1) 


where d, the number of degrees of freedom for 


> 


eo) 


Ne 
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estimating the uncertainty of measurement, is 

An example: An example will make the whole 
procedure clear: Alec Tronick has just made 
three determinations of the frequency deviation 
sensitivity in megacycles/volt for a_ certain 
reflex klystron, obtaining the values: 1.13, 1.12, 
1.02, with mean, €=1.09. 

He wishes to test whether ‘‘1.02”’ is unusually 
deviant. He has past data (Table II) to estimate 
the precision of this type of measurement. 

Although he could calculate sq? from Eq. (1), 
it is generally more convenient (especially with 
a computing machine available) to use the 
following Eq. (2). 


hk 2 
Nk 


1 oiim 
i=1 


i=1 / 
Nk J 


(a, —1) + (m2—1)+---+(m,-—1). (2) 


It can easily be shown that Eq. (2) is algebraically equivalent to Eq. (1). Thus, substituting values 


into Eq. (2) vields 


sa2=[1.112+ 1.0724 1.102— (1.11-++1.07+1.10)2/3+ - - -+1.06?+ 1.012+ 1.08? 
— (1.06+1.01+1.08)2/3]/[(3—1)+- +--+ (3—1)]=0.0271/16 =0.001694. 


Hence sa=0.041. 
Substituting for u gives 
E—x, 1.09—1.02 


u= ——_—_———_ = 1.71 
Sa 0.041 


He now uses Table III which gives the 5 
percent and 1 percent levels of « for various 
values of m and d. Here 1 is the size of the sample 
which contains the suspected value, while d is 
the number of degrees of freedom on which sq 
is based. In the present case m= 3 and d= 16. 


TABLE II. Data available previously. 
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The observed value of u, 1.71, is less than the 
value of u at the 5 percent level, 1.90. Hence 
he concludes that the suspected value 1.02 is not 
significantly outlying. In other words the devia- 
tion of 1.02 from the mean of the set of three 
measurements is easily explainable in terms of 
the precision of the measurement process. 
Hence, 1.02 is accepted into the fold of good 
measurements. 

When past data are available, the u ratio may 
be computed and Table III used just as the 
r ratio and Table | were used for the case where 
no past data were available. The procedure out- 
lined above for the two cases (a) and (b) may be 
followed just as before (using u and Table III 
instead of r and Table I). 


CAUTIONS AND -COMMENTS 


(a) Obviously, if the experimenter knows by 
direct observation that a mistake has occurred 
he should reject the observation. The tests of this 





REJECTION OF OUTLYING OBSERVATIONS 


TABLE III. Upper percent points of the studentized extreme deviate.* 
u=(x,—2)/sa or (E—x1)/Sa 


a=5 percent 
6 
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® From K. R. Nair, Biometrika 35, 143 (1948). 


paper are used only if he does not know that a 
mistake has occurred. 

(b) If the experimenter uses this technique for 
a certain routine type of measurement, he should 
apply it, implicitly or explicitly, every time he 
makes that type of measurement. After several 
explicit applications of this technique, he will 
probably be able to perform the r (or u) test 
in all but the most doubtful cases without 
actually explicitly doing the arithmetic, since 
he will have the critical value of r (or u) in mind. 
He should not, however, reject outliers by the 
r test in some cases and accept others just as 
badly deviating, simply because he did not 
apply the test in these latter cases. 

(c) Both the 7 and wu tests are based on the 
assumption that repeated measurements of the 
same unknown follow the normal frequency dis- 
tribution. If, in actual practice, the distribution 
of repeated measurements is markedly different 
from the normal curve, then the use of these 
tests will lead to different risks than originally 
intended. 

(d) The use of the 0.01 and 0.05 points is 
arbitrary. The individual experimenter should 
use whatever levels of significance are most ap- 
propriate. It is accepted practice to choose the 


a =1 percent 
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level of significance at the time the experiment 
is being planned and before any data are collected. 

(e) Suppose the type of measurement is such 
that the suspected value will practically always 
be the smallest in the set, or practically always 
the largest. Then as stated above, 1 percent of 
the time a perfectly good observation will be 
rejected in case no additional observations are 
possible. Suppose, however, the type of measure- 
ment is such that the suspected value may be 
either the largest or the smallest. In this case 
about 2 percent of the time a perfectly good ob- 
servation will be rejected. The appropriate 
tabular point should be selected with this in 
mind. 

(f) Other tests? for rejection of suspected 
values are available. However, the 7 and u tests 
have been selected because of their ease of 
application. 
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Anharmonic Resonance 
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The oscillations of a pair of classical oscillators which are synchronized because of anharmonic 
resonance can be calculated by the method of variation of constants. Two types of motion are 
studied: librational and nonlibrational—referring to oscillatory and progressive behavior, re- 
spectively, of the phase difference of the two oscillators. These motions are exemplified by the 
corresponding motion of a rod pendulum. Conditions for prolonged persistence of librational 
motion are discussed. This paper is essentially a review of some of E. W. Brown’s papers on 


nonlinear resonance. 


N this note we report on work by E. W. 
Brown,' with some slight additions and 
changes of presentation. The subject of the dis- 
cussion is the behavior of a pair of lightly coupled 
oscillators which execute unforced (not self- 
excited) vibrations. Such oscillators can for some 
time persistently vibrate in synchronism in case 
their natural frequencies in the uncoupled state 
are nearly enough equal or commensurable and 
the anharmonic terms in the expression for the 
potential energy are strong enough. 

First we develop the classical theory! in the case 
of an anharmonic oscillator (Sec. 1). We apply 
the results to a pair of anharmonic, nearly alike 
oscillators in order to study their librational mo- 
tions (Sec. 2). The quantization of such systems 
is to be found in the classical works of Born and 
Heisenberg.” Finally, we apply the theory to the 
anharmonic resonance of a pair of oscillators 
whose natural frequencies are commensurable 
(Sec. 3). This problem was treated quantum 
mechanically by Placzek.® 

*The present paper is an introductory note to a re- 
search program for which I received a generous grant 
from the Research Corporation. It is a pleasure to me to 
express my appreciation for that grant. 

1E Brown, Elements of the Theory of Resonance 
(Rice Institute Pamphlet 19,"1, and Cambridge University 
Press, Cambridge, 1932); E. W. Brown and C. A. Shook, 
Planetary Theory (Cambridge University Press, Cambridge, 
1933); N. Minorsky, Nonlinear Mechanics (Ann Arbor, 
Michigan, 1947), (Bibliography). 

2M. Born and W. Heisenberg, Z. Physik 14, 50 (1923). 
M. Born, Vorlesungen iiber Atommechanik (Springer, 
Berlin, 1924), Sec. 45, P 307. E. Fues, Handbuch der Physik 


(Springer, Berlin, 1927), 5, 164. W. Heisenberg, Z. Physik 
38, 415 (1926). 


3G. Placzek, Marx’s Handbuch der Radiologie (Akadem- 
ische Verlagsgesellschaft, Leipzig, 1933), Vol. VI, 2nd Ed., 
p. 319. 


We report only on the classical motion of a 
coupled pair of one-dimensional oscillators. We 
will not treat the problems which the statistical 
mechanics of such a pair, or a coupled pair of 
complex oscillator systems (e.g., macromolecules) 
bring up. Nor will we touch the quantum-me- 
chanical phenomena of those systems.‘ 


1. PERTURBATION THEORY OF AN 
ANHARMONIC OSCILLATOR 


We first consider a simple anharmonic oscil- 
lator whose anharmonicity is similar to that of 
a simple pendulum. Let x be the angle which the 
pendulum (a rod) makes with the vertical posi- 
tion of equilibrium. The motion satisfies 


d*x/dt? = —«? sinx. (1) 


Depending on the initial conditions, the rod 
may execute full circuits about its point of sus- 
pension (rotational motion) or may swing back 
and forth about the position of stable equi- 
librium x=0 (oscillatory motion). 

We want to investigate the solutions of Eq. (1) 
because this equation comes up in the theory 
of coupled anharmonic oscillators. Compare 
Eqs. (35a) and (45), where the phase difference 
(ly; —lz) or (21,;—J,) takes over the role of x in 
Eq. (1). We want to investigate now the oscil- 
latory as well as the rotational solutions of 
Eq. (1) for later study of different kinds of 
coupled vibration. 


4H. Jehle, J. Chem. Phys. 18, 1150 and 1681 (1950). 
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Multiplication of Eq. (1) by dx/dt gives 
4 (dx/dt)? = 6+? (cosx—1). (2) 


The rotational solutions are distinguished by 
&>2x*. In order to determine the solution in 
this case, we separate x into a progressive part 
Qt+e and a vibrational part x,, which we de- 
velop in a Fourier series: 


x= Ot+e+x.=M-+e+ ¥ by sink(Qi+e), (3) 
k=] 


sinx = sin (Q¢+) cosx,+cos(Q+e) sinx, 
= (1 —}x,?+---) sin(Qt+e) 
+ (x, —§x2+---) cos(Mt+e). 


These series are to be substituted in Eq. (1). 
By setting all coefficients of sink(Qt+e) equal 
to zero, we get 


x = Ot+ e+ (x?/0?) sin (Q¢+ e) 
+§ («4/O4) sin2(Qt+e)+---, (4) 


where © and « are the two arbitrary constants 
which must appear in the general solution of the 
second-order differential equation (1). 

The oscillatory case 6 < 2x? can easily be solved 
if the oscillatory amplitude of x is small: We 
develop Eq. (1) 


@x/dP+2(x—te+---)=0 (5) 


and set 


x= >> c, sink (wt+e). (6) 
k=1 

By convention, c, here and later is always posi- 
tive. Now Eq. (6) is substituted in Eq. (5) and 
the powers of the series are expressed in sines of 
multiples of (wt+-«). Only odd multiples appear. 
(We would also have been able to develop ac- 
cording to cosk(wi+e).) The coefficients of the 
individual sines are equated to zero and the 
equations thus obtained are solved approxi- 
mately. Setting the coefficients of sin(wt+e) to 
zero gives 


w=x(1—c?/16+---), (7) 


where for brevity we denote the coefficient c; 
in Eq. (6) by c. The solution of Eq. (5) is 


x=c sin(wt+e)+(1/192)c3 sin3(wt+e)+---. (8) 
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Here c and ¢ are the two arbitrary constants. 
In this article we denote various phases with 
the same letter ¢€; all other symbols always have 
only a single meaning. The maximum value of x is 


Xmax =C—C?/192+---. (9) 


Equation (8) is the type of solution which we 
obtain in case the binding force decreases with 
increasing amplitude. The assumed deviation (5) 
from the linear harmonic force law means a 
negative x‘ term in the potential, and the ab- 
sence of a x’? term. Physically, this is a case 
which does not often appear. As we already 
remarked, we are interested in the solutions of 
Eq. (1) because Eqs. (35a) and (45) are of this 
type. 
The more general case 


PQ/d? + f'(Q) =0 


is handled analogously. In place of Eq. (5) we 
discuss 


(10) 


@Q/dt?+x2(Q+aQ?+bQ) =0. 


Equation (5) is the special case a=0, b= —3. A 
pair of such oscillators behaves itself in syn- 
chronized motion essentially differently than a 
pair with a=0, b>0; a0, b=0 is a more fre- 
quent type of anharmonicity; a=b=0 is, of 
course, the harmonic oscillator. Only oscillatory 
solutions of Eq. (10) are of interest, since we 
mean Q to denote an oscillator amplitude in 
Eqs. (10) and (Sa). 

In order to prepare for the discussion of coupled 
vibrations, we seek the solution of 


PQ/dt?+ f'(Q)=d9'(Q, t), (11) 


when that of Eq. (10) is periodic afd known. 
Primes denote derivatives with respect to Q. 
Assume the solution of Eq. (10) (i.e., in the case 
f’ (x) = sinx, the solution (7), (8)) to be given 
in the following form: 


Q=Q(I, ¢), 


where Q(/, c) is a Fourier series represented with 
argument / and with coefficients which depend 
on c. The arbitrary constants are ¢, e. 

The solution (12) has the following property : 
One considers Q=Q(l,c) as a function of two 


(Sa) 


l=wt+e, w=wa(c), 


(12) 
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independent variables /, c and forms 
wd°Q/ a+ f’(Q). 


lf now w is the function of ¢ defined by Eq. (12), 

then its substitution into (13) causes this ex- 

pression to vanish identically in / and c. This 

property is valid independently of the values 

which / and c take—they can be arbitrary func- 

tions of ¢, or arbitrary variables or constants. 
We assume that they are variables. Then 


dQ aQdl aQdc 
dt al dt ac dt 


(13) 


We are now replacing Q in Eq. (11) by two new 
variables according to Eq. (12). Since we are 
replacing one variable by two, we can assume 
an additional relation between / and c. We choose 
as this supplementary condition 


aQ dl aQdc aQ 


al dt ol 


=—W 
Oc dt 


for this means 


dQ =<aQ 


— = w— 


; (15) 
dt al 


Here 0Q/dl is a function of / and c, and w is 
according to Eq. (12) oniy a function of c. Thus 
there results 


’Q @Qdl A/F IAQ\dc 

—e eo —+— w—)- 

dt? ol? dt dac\ al /dt 
If we set this into Eq. (11) and use the vanishing 
of Eq. (13), we have 


#0 dl a7 aQvde 
a i Et 
al? \dt ac\ al /dt 


Equations (14) and (16) are linear equations for 
dl/dt—w and dc/dt. Solving them gives 


A 0Q | 


K dc 


0 020,00 #2000 
K=— (wr) 
Oc al/ al ol? dc 


(16) 


dc i aQ ; dl 
dt K al 


—= 7 
- (17) 


where 
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We show that K depends only on c: 


0K @ 
w— =—(wK) 
al 


él 
“ACs )al-ar) lala a | 


aria, a0\? ‘| a0 aQ 
oe os ee eee 
“| OQ dQ | oO ~| 


ae al} all ak ac 


- @e 


0 0 0 0 

«t-te. 
Oc dol Oc 

But this functional determinant d[f’(Q), Q]/ 

d(l, c) vanishes identically. In order to see the 

physical meaning of K, we write Eq. (18) by 

means of Eq. (13) in the form 


K="|o (6) +r] 


a a a 
AEE) sn om 


The expression in braces is, according to Eq. (15), 
equal to 3(dQ/dt)?+ f(Q) which we shall call E. 
But this is, in the limit \—0, the integral of the 
unperturbed equation (10). Such an expression E 
in c and / which in the limit \-0 becomes a con- 
stant, evidently is a function of ¢ alone: 


1dE 
Ka—— 


‘ 20) 
w dc ( 


which also shows that K depends only on c. 
If we now set into Eq. (17) the expression 


0 
¢’ (Q, t) =—¢[ O(c, l), t | 
aQ 


we get 


dc dg dl 


dt Kal’ dt 


A 0 


-—— (21) 
K dc 
This result simplifies the evaluation. 

The canonical form of these equations interests 
us. Since w and K depend only on c, we can de- 
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fine an action variable J by 


dJ = Kdc. (22) 


Since E is independent of J, from Eqs. (21), (20), 
and (22) 


os A+ E£) . na AP+E). (23) 
——= —-— (= Ae » === ae : 

dt al dt oaJ 

Also 


dE =wKdc=wdJ. (24) 


We obtain approximate solutions for ¢ and / 
when we differentiate the equation for dl/dt with 
respect to ¢ and then substitute dc/dt, dl/dt from 
Eq. (21). The result is 


dl d C ao 
de K 


0h 0’ 
oe 
278 I «=H Df 1 OD 

A; “ae 


—— ell os 
dt? or? 


dc rf Wo “*) 


olat 


WP d¢ 071 A 0h Ag 
2ete(et) 25) 
K*L dl dc\K al a? ac 
The \? terms are neglected in first approxima- 
tion. 


(25) 


2. LIBRATIONS OF A PAIR OF NEARLY 
ALIKE OSCILLATORS 


Let us consider for example a pair of oscillators 
which are coupled with one another by electrical 
dipole-dipole interaction. Let the oscillating 
dipoles be oriented in the z direction and swing 
only in this direction, the z axis being the axis 
which connects the two dipoles together. We 
assume the equations of motion 


21 +x (21+02;?+62;°) = 2d22/m, 


2o+k2?(82-+-a22?+b22°) = 2d21/m, (26) 


where \=e?/R®. The coupling energy in Eq. (26) 
is of the form 2,32. By a linear transformation of 
21, 2 one could remove the coupling term 2,22, 
but then as a consequence of the anharmonic 
terms }3a@z:, }bz,;4 would get coupling terms of 
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third and fourth degree. Thus anharmonic 
coupled vibrations have no classical normal 
coordinates. The comparison of Eq. (26) with 
Eq. (11) gives, in case one sets m's=Q, 
fi(Q1) =m? (327 + 32° +4b2,'), 

$(Q1, t) = 22122, 


(27a) 
(27b) 


where 


21=21(¢1,11), 22=22(t). (27c) 


We get corresponding expressions for the second 
of the Eqs. (26) by permutation of the in- 
dices 1, 2. 

The unperturbed solution of Eq. (26), i.e., 
the solution for \=0 is to be found in Ray- 
leigh’s® book. The development is to be taken 
according to the overtones of cos(wt+e). The 
oscillator comes to rest at the place wt+e«=0; 


21> —tace+c, Cos (wit+ €) 
+4ac;? cos2 (wit+e1) 
+ (a?/48+6/32)c;3 cos3 (wit +1) 


se ed 5 | cos/. (28) 


Here «; and the amplitude c, of the fundamental 
frequency are the two arbitrary constants. Also, 
a’c?<1 and |bc,?| <1, in case the anharmonicity 
is not too strong. Further, in analogy to Eq. (7), 


w1 = Kil 1+ (3b —Sa?/12)eP+---]. (29) 


The calculation of Ei, K, according to Eq. (20a) 

gives 

Fy =mx2[4e2+ (9b/32 —37a?/144)c4+ °° -] 
(30a) 


Ki=mxLo+ (26 —11a?/18)ce+ ee }. (30b) 


We now develop the solution of Eq. (26) for 
\0 in the case of small a?c,?, bc’. 


o = 22122~2C1C2 cosl; cosle 
=¢C2[cos(1;—12)+cos(li+l2)], (31) 


i.e., 


$[21(¢1, 11), a(t) ]=crc2[cos (1; — wet — €2) 


+cos(lit+wet+es)], (32) 


5 Rayleigh, Theory of Sound (Macmillan Company, 
London, 1878), Vol. II, p. 483; Vol. I, p. 78. The case \0, 
a=b=0 has been discussed e.g., by Franklin Miller, Jr., Am. 
J. Phys. 20, 23 (1952). 
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where again $[22(C2, lz), 2:(t) ] is obtained from 
Eq. (32) by permutation of the indices 1, 2. 
The evaluation of Eq. (25) gives, with neglect 
of \? terms 


dl, »X 
--| | (to — 3d) ic. 
m 


dt? 


Ce 
+(w -«)—| sin (J; —/2) 


K1Cy 
+| (ga? — $b) cic2 


Ce 
+ (wit+we) 


|sin¢.+1)} (33) 
KC, 

Since we have in mind the case xj~xk2, we can, 
as far as concerns the denominators in Eq. (33), 
simply denote x~x;~x2. The difference between 
the unperturbed frequencies x; and xz comes to 
expression mainly in (w;—w:2). We will also set 
@1+w2~2kx. By addition and subtraction we 
obtain 


da? 


r 
wt) —_—— 


m K 


C2 Ci 
x (-+=) sin (1, —1,) 
Ci Ce 


r 
+-| (Sa?/3 —_ $b) C102 


m 


@1 —We 


C2 Cy 
+2(74")] sin(/:+/2), 
(1 C2 
¢34) 


d2 


r 
—(lh,—l.) = ~| (0/3 — $b) cc. 
dt, m 


@1 —We2 f Ce C1 
_ sie aaa 
K Ci Ce 


A fCo C1 
aa-- 
MNCE Ce 


sin (1; —1,) 


sin (J; +/2). 


HERBERT JEHLE AND JULIUS H. 


CAHN 


Correspondingly 


“ --{( (we -«.)—) cos (J; —/2) 


22 cos(+ls) | (35) 


If we average Eq. (34) over the short period 
oscillations, 


ad? d 
— (1, —l.) = | (5a?/3 —$b)cic2 
dt? m 


@1 —W2 {C2 Cy 
+ ere 
K Ci Co 


sin (J; —l2) 


0 
=— 1, —l. 35 
poe ~L Jeos( )} (35a) 


Equation (35a) describes the essential behavior 
of vibrations in anharmonic resonance, where 
li, le, €1, €2 from Eq. (28) determine the 21, 22. 
Equation (35a) is of the form Eq. (1) and has 
the nonlibrational solution (compare Eq. (4)), 


1, —1,=Qt+e— (AL /22m) sin (Qt+ e) 
+ (VC P/824m?) sin2(Q#+e), (36) 


where [ ] denotes the bracket in Eq. (35a) and 
Q, ¢ are the arbitrary constants. The librational 
solution is (compare Eq. (8)) 


lL; —l, =e 


=L sin(At+e) 
lL, —l. 


1 
+—L' sin3(At+e), (37) 
192 


where Z and « are the arbitrary constants and 


r 
A= | (50"/3 - 3b) C102 


m 


+((or -od/9(= -“)] 


L? 
x(1 smear es -) (38) 
16 


and where /,—/2.—72 or 1,—/. in Eq. (37) must 
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be taken according as (A/m)[ ] is positive or 
negative. 

We now want to study the question of how 
easily a pair of coupled anharmonic oscillators 
fall out of their synchronous motion. If the 
motion begins as a libration, then it makes an 
essential difference for the further behavior 
whether a trough (A/m)[ ]cos(/li—/2) in Eq. 
(35a) exists at a fixed location /;—/,.=0 or =, or 
whether it often inverts itself into a hill. That 
depends however on whether the depth 


r 
2-| (Sa?/3 —$b)cic2 
m 


+C(a o/c) ] (39) 


C2 


of this trough as a function of the (positive) 
quantities ¢, C2 changes its sign or not. If a sign 
change appears, then the equilibrium phase shifts 
by m according to Eq. (37). Since (¢2/¢1) — (¢1/¢2) 
often changes its sign, all depends on whether 
or not 


| (w1 — we) /K| <K| Sa?®/3 — $b | creo. (40) 


This necessary condition for long persisting 
synchronism is certainly damaged in case x; is 
very different from «xe. If for the unperturbed 
frequencies k;=x2 then a short calculation with 
use of Eq. (29) gives for (39) the value 


A 
2— (5Sa?/3 — $b) {€162+ (co? —€37)?/4c102}. (41) 
m 


But that means that the sign does not depend 
any more on ¢2/¢1, the trough in Eq. (35a) hence 


remains at a determined equilibrium position 
1, —ls. 


3. 


We still want to write down the classical 
motion of a pair of almost commensurable oscil- 
lators. We begin this (only to show the alterna- 
tive to the procedure in Sec. 2) with a Lagrangian, 
in which the quadratic interaction terms are re- 
moved by means of a transformation to ‘‘normal”’ 
coordinates (normal only in case we ignore all 


terms of third degree in Eq. (42)): 


L=}3(Q?+Q-*) 
mae k?(302+ 34111012 + 401111014) 
—x?(3Q2+ 3022202? + 4b22220>4) 
—X (411201? 2 +41220102? +111201702 
+ (6/4)b112201?Q2? +b12220102"). (42) 


The case of commensurable oscillators, in the 
simplest example, 
2k1~ke, 


(43) 


is of interest when there is coupling of two 
different kinds of vibrations of a system, say of 
two “normal” vibrations of a molecule. We 
apply, therefore, the same general notation, 
Q1, Qe in place of the special 21, 22 of the example 
in Sec. 2. 

The calculation goes analogously to Eggs. 
(27a), (27c), (29), (30a), and (30b). The main 
term of the perturbation function is 


(61, 11, t) ~ —4@112612c2 cos(21;—wet—e€2) (44) 


and the approximate equation of motion is 


d?(2/, —l2) 
—= —h11261°C2 


diz 


X { — 201111 — 2862222 + Sa2207/24 
1 1 
+Hout+(— —-— 


c? 8c? 
x (2w1 —we)/ki} sin (21, —12) 
—B sin (21, —l2) 


nmol = gett, as 
9h ota cos ( )J. (45) 


The solutions correspond to Eqs. (36), (37), and 
(38) and the discussion goes analogously. This 


case of commensurability was treated quantum 
mechanically by Placzek.® 
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This paper analyzes the educational process, using graphical methods wherever possible. 
In its simplest aspect education is represented by a growth curve. If restricted to a single subject 
the curve is a two-dimensional one and may include both learning and forgetting. The mecha- 
nism of learning appears to be quite different for accumulative subject matter such as mathe- 
matics or physics from that in nonaccumulative fields such as political theory or business 
management. Combining the learning curves for several subjects one obtains an educational 
pattern which may be directly related to particular job requirements or to college admission 


requirements. 


OME time ago I was asked to speak to a 
group of businessmen on the “Educational 
Process.’’ Since I have spent almost thirty years 
in the educational business this request seemed 
quite reasonable, not only to those who asked 
it but, I must admit rather shamefacedly, to me 
also when the request was first made. I knew 
that there was an extensive literature on educa- 
tion so I thought I would spend an hour or two 
in the library, absorb a little educational phi- 
losophy, and then proceed to expound learnedly 
to the assembled businessmen. But I was due 
for a severe shock. After reading some hundred 
or more pages I stopped to ask myself, ‘‘What 
is it that these authors are saying?’’ All that I 
could really be sure of was that teachers teach 
and students learn! In no book could I find a 
simple, clear statement of the problems involved 
in understanding the learning process, or what 


Ability Level ——> 


8 12 16 20 
YEARS 


Fic. 1. A graphical representation of a highly over- 
simplified interpretation of the educational process. 


*Invited paper, 
Cambridge, Massachusetts, January 22, 1953. 


Twenty-second Annual Meeting, 


we really know at the present time, or even the 
slightest hint that maybe we don’t know any- 
thing at all about the educational process! There 
were, I should admit, many involved definitions 
and many skillful combinations of the words so 
defined, but I was very sure that my friends in 
business would be even more impatient than I 
if I tried to relate to them second-hand what I 
was reading. 

I therefore decided to discard the big books 
and start afresh. I wish I could report that | 
really do understand, at least in a small measure, 
the educational process, but unfortunately all 
I can do is present a point of view which is 
somewhat novel and which to me, at least, 
brings a little more out into the open the prob- 
lems that need to be solved. 

In its simplest formulation, education is a 
form of growth. We should be able therefore to 
draw a growth curve such as is shown in Fig. 1. 
In such a curve there is no difficulty with the 
abscissa—we measure time in years, and we 
cover the range from entrance into college to 
some mature level at which most men are 
considered to be fully developed. We have far 
more trouble with our ordinates. Unfortunately 
we don’t know what units to choose, or for that 
matter, what to plot. However, let us not be 
stumped by such minor difficulties. Let us 
assume that in education there are a number of 
abilities or skills which can be measured, and 
that for a simplified picture we pick out a single 
one of these and plot it vertically in our diagram. 
Each person will, of course, have a different 
combination of abilities and we might, if we 
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knew enough, describe each person’s educational 
level in terms of a profile in which his various 
abilities are shown at the appropriate height. 
We are, however, for simplicity, going to 
limit ourselves for the present to a single ability. 
You will note that I have, also for simplicity, 
assumed a straight line relation between ability 
and time. However, since we have suggested that 
education is really a form of growth we might 
look at two other examples of growth to deter- 
mine if the line should curve upward or down- 
ward. If, for example, we were concerned with 
boys growing tall, our problem would be very 
simple. We could plot a curve of height versus 
time, such as indicated in Fig. 2. In this case the 
boy’s height increases while he is in college but 
soon levels off. On the other hand, his waistline 
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Fic. 2. Typical growth curves of two measurable 
characteristics of young men. 


seems to remain pretty stable during college 
years but often increases rapidly in the middle 
thirties, and the so-called middle age spread 
causes a rapid rise in our curve at about age 
forty. 

What about our student’s intellectual growth? 
What shape should this growth curve take? The 
psychologist has carried out experiments which 
give us a certain amount of insight into this 
phenomenon. For example, if we take a very 
simple learning process, such as learning un- 
related syllables by repeating them over and 
over, and plot the percentage of correct responses 
against the number of trials, we obtain an 
S-shaped curve such as shown in Fig. 3. This 
curve rises slowly at first, then passes through 
a region of rapid learning, and then tapers off 


% OF RIGHT RESPONSES 


Fic. 3. Quan- 
titative relation- 
ship in a very 
simple learning 
process. 


NUMBER OF TRIALS 


again as perfection is reached. A similar curve 
applies for many simple learning processes and 
has therefore been called the “learning curve.”’ 

Unfortunately, such a simple representation 
is not sufficient for most of the subjects studied 
in college. Some subjects can, however, be 
divided into a number of regions of increasing 
complexity so that we can perhaps achieve the 
growth curve illustrated in Fig. 4. Here the 
young man studies a simple phase of the subject 
matter and gradually learns that particular 
phase well. When that is achieved, he takes up 
a somewhat more complex phase of the subject 
and he begins to learn that. Progressively he 
takes on more and more complex subject matter. 
As an example of this type of learning, we can 
cite mathematics: one starts with arithmetic, 
then studies algebra, geometry, trigonometry, 
calculus, advanced calculus, and so on. In each 
of these subjects, the student has a period of 
rapid learning, and as he reaches perfection he 
is able to pass into a new region of rapid learning 
but at a slightly more advanced level. Thus the 
resulting curve, rather than being an S-shaped 
curve, approaches a continuously rising one such 
as was postulated in the first place. 


AMOUNT LEARNED 


Fic. 4. Learn- 
ing curve in a 
subject in which 
the complexity 
increases In easy 
stages. 
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Fic. 5. Edu- 
cation in deci- 
sion making oft- 
en makes exten- 
sive use of the 
“Case Method” 
in which one 
learns by expe- 
rience. 


6 
a 


What I have said applies to many areas of 
knowledge which are generally classified as 
accumulative. There are other broad areas which 
we may call nonaccumulative, in which perhaps 
a somewhat different learning process seems to 
occur. By accumulative knowledge, I mean 
particularly those fields in which knowledge 
accumulates through the centuries. A particu- 
larly good example of this type of knowledge is 
mechanics in which, by the repeated application 
of theory and experiment, our knowledge of the 
behavior of rigid bodies subject to various forces 
has gradually been perfected. Galileo improved 
upon Archimedes’ ideas, Newton upon Galileo’s 
and Kepler’s, Einstein upon Newton’s, etc. Dr. 
J. B. Conant has characterized accumulative 
knowledge as that in which there is almost 
universal agreement among experts that progress 
is occurring with the passage of time. 

Another characteristic of accumulative know]l- 
edge is, that in spite of a tremendous stockpile of 
knowledge which has been built up, there has 
been also a continuous process of simplification 
through generalization. As a result of this 
simplification, a freshman studying mechanics 
today can solve problems which would have 
stumped Galileo or Newton many years ago. 
This does not imply in any sense that our 
average freshman has the intellectual capacity 
of Galileo or Newton, but instead that the 
subject matter itself has been brought into such 
an orderly array that the average student 
learns as much in an elementary course today as 
the most advanced scholars did two or three 
hundred years ago. 

Has this similar process of accumulation and 
simplification taken place in all fields of knowl- 
edge? I think you will agree with me rather 
readily that there are many fields in which our 
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stockpile of knowledge has been built up but 
because of the difficulty of ordering the various 
parts, no simplification has occurred. For 
example, are we able to maintain peace with our 
neighbors better today than we could two 
thousand years ago? Are we sure in any area that 
involves human relations that we know more 
now than we did many years ago? Or let us take 
the area of art. Does Picasso paint better pic- 
tures today than Michelangelo did in his time? 
Or, in the field of music, can we be sure that 
Gershwin or Stravinsky writes better music than 
Beethoven? Actually in all of these fields there 
is no certainty that progress has occurred or that 
a student in one of these areas today is better 
able to answer problems than were the great 
minds of yesteryear. These are examples of the 
broad area which | speak"of as nonaccumulative. 


KNOWLEDGE RETAINED 


FORGETTING CURVE Fic. 6. A sim- 


ple representa- 
tion of how we 
forget. 


TIME 


It seems to me that in this area learning must 
be quite different from that in the accumulative 
area. Here we need to rely more upon experience 
than upon the precise ordering of subject matter 
in increasing levels. Take another example, that 
of making a decision in a business matter. Here 
the important quality seems to be experience 
and that rather vague quality we call good 
judgment. If these are important we must teach 
our young men in school by providing them with 
enough experience so that when they graduate 
they will, in four years, have accumulated as much 
experience as in many more years in business 
itself. The technique which has been particularly 
successful in providing these experiences is the 
““Case Method.” In the ““Case Method”’ as illus- 
trated in Fig. 5, the student considers all of the 
known facts that are involved in a given situation. 
He weighs the facts and finally diagnoses the ker- 
nel of the problem and its solution. He then 
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formulates his decision and finally action occurs. 
Thus in teaching a business subject, a student is 
presented with a succession of cases or business 
situations, such as would ordinarily come to a 
buisnessman only after many years of real 
experience. In each case studied, the student 
sifts facts, relates them to one another and 
finally makes a decision which points to a 
definite action. 

In developing our curricula, it seems to me 
imperative that we distinguish carefully between 
the accumulative and the nonaccumulative type 
of subject matter. In the accumulative area, a 
great deal of emphasis must be placed upon the 
logical building of the course structure. In the 
nonaccumulative area, great attention must be 
given to student participation, to teach the 
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Fic. 7. A learning curve in which forgetting is recognized. 


student to make his own judgments and to 
develop strong convictions concerning his be- 
liefs. In each of these fields we can, by correct 
development of the curricula, assist in educa- 
tional growth. We must put a great deal of 
emphasis on the learning of fundamentals during 
the four college years, so that the student will 
be able to continue to grow after he gets out of 
school when he really commences his career. 
You will all agree that I have greatly over- 
simplified the learning process. One factor I 
have left out is forgetting. Unfortunately, in 
addition to learning, we all forget. The psycholo- 
gist tells us that the forgetting curve is somewhat 
as shown in Fig. 6. Actually, learning and 
forgetting probably go on simultaneously. We 
learn by doing, and as long as we keep repeating 


Ability Level 


YEARS 


Fic. 8. A space curve representation of an educational 
process involving several fields of study. 


a particular task, the learning probably over- 
shadows the forgetting, and we are not aware 
of the latter’s negative effect. However, as soon 
as we cease using a particular skill, our expertness 
begins to decline. We find this effect is true in 
mathematics as in any other subject which we 
learn. We can get a more complete picture of the 
learning process by combining the learning and 
forgetting curves as are shown in Fig. 7. In the 
upper curve we have plotted the kind of learning 
curve which might result if no forgetting oc- 
curred. The lower one shows a branching; the 
upper branch is the kind of learning that goes on 
if in the four years at college, a young man learns 
those basic facts which enable him to continue 
to learn after he leaves school. The lower curve is 
more nearly what would happen if we trained a 
boy merely so that he knew certain facts when 
he graduated, but did not have the basic under- 
standing which would enable him to continue 
learning. His learning then would stop after he 
finished school, and because the forgetting curve 
would then take over, he would soon lose much 
of what he had obtained in college. 

I should now generalize my picture a little 
further. Instead of the student’s having a single 
ability when he was admitted, as was illustrated 
in Fig. 1, let us assume he has a variety of 
abilities which together form an ability profile or, 
as we might call it, an admission profile for 
freshmen as shown in Fig. 8. He will, of course, 
grow if he is well taught in all of these areas, and 
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Fic. 9. Graphical representation of freshman admission 
problems in terms of learning curves. 


some twenty years later he will have certain 
talents which may be plotted. It is those talents 
which will determine whether or not he will be 
a success. We might, in fact, call the sum of the 
talents needed the job description or the job profile 
for the particular job which he wants to under- 
take. In each of these areas, the student must 
be given a basic understanding so that he may 
continue to grow as the situation requires. 
However, if his talents are to be used fully, he 
must match his own talents with those required 
for the particular job. This means that our 
graduate must be well placed in industry. This 
is, I believe, an important part of our responsi- 
bility as educators. As we will all readily agree, a 
well-educated young man is one of our most 
precious commodities. 

Let us now see what this type of description 
of the educational process accomplishes. In the 
first place, it provides a great economy of words. 
Also the gaps in our knowledge concerning the 
educational process become readily apparent 
and differences in learning techniques in the 
various types of subject matter become clear. 
The usefulness of this description is further 
illustrated when we apply it to a specific problem. 
For example, a problem which will become 
increasingly acute over the next few years in 
privately endowed colleges will be the selection 


of those best fitted for the educational program 
offered by the college. Let us look at a somewhat 
simplified two-dimensional picture of the prob- 
lems involved. It is fair to state as a general 
principle that we would like to admit all students 
who will at age 50, for example, attain at least 
what is set as a minimum ability level. Obviously, 
we can’t insure this upon admission since some 
“A” graduates start out fast but slow up after a 
few years and never reach even the minimum 
level. Others barely graduate but because of in- 
creased energy or added inspiration rise far above 
the average. These are the so-called “late 
bloomers.”’ 

Actually we cannot predict when we admit 
students to college whether or not they will 
graduate. It may look easy to some who say that 
in terms of my diagram it is only necessary to 
bring up a wedge (or entrance examination) 
which will exclude all below a given ability level. 
However, we all know that tests are not that 
sharp, but are more nearly like the saw-toothed 
device shown. We can only state that for a given 
test there is a distribution curve in which, for 
each ability level, a certain fraction will be passed 
and the remainder excluded. However, even if 
we had a perfectly sharp selection device, our 
problem is still further complicated by the fact 
that students enter high school at different levels 
and the difference between an ‘‘A”’ student and 
a “‘D” student is more one of slope (learning 
rate) than of absolute ability level. Thus, instead 
of a test given at a particular time, it would be 
far better to have two tests at fairly widely 
spaced intervals so that we could have a better 
idea concerning the individual’s learning rate. 
Of course, the most obvious source of this 
information is the student’s high school grades 
and in many institutions these are given high 
weight. 

There are many other conclusions which 
immediately become apparent from this type of 
representation. These I will leave for the future. 
The real value of this representation is that it 
helps us in thinking about the educational 
process. 
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An analysis is made of existing textbooks in secondary school courses in physics. Particular 
attention is called to the illogical order, content, and over-popularization of material. These 
criticisms are supported by a detailed study of two important texts, and the question is raised 
whether these failings contribute to the shortage of young scientists. 


. has recently been a considerable 
amount of talk about textbooks. Some 
comments have been made concerning the 
vocabulary in use, advising the use of simpler, 
nonscientific terms wherever possible in texts 
written for secondary school courses in science.! 
Other writers have complained that textbooks 
are of no use anyway and have advocated 
discontinuing their use in some subjects.? In 
at least one New England newspaper there has 
been violent reaction to these statements, a 
reaction based upon the fact that textbooks of 
science are carefully and expertly written.’ 
Whatever the comments have been, however, 
there seems to be a trend, in physics at least, 
away from a logical or even scholarly presenta- 
tion of subject matter in favor of a more popular, 
applied science approach. 

Now it is admitted that there is a place for a 
general or an applied science course, especially 
in the secondary school. This course can provide 
interesting material for those who are not able 
or not interested in a more difficult course. It 
might also be wise for schools to investigate the 
advisability of an historical approach to science, 
in which both technical and _ nontechnical 
students could learn something about the 
advance of science and how it has shaped, or 
been shaped by other events in history. This 
paper is concerned, however, with the courses in 
physics, usually known as introductory courses 
in physics and with the textbooks that are 
available for use in the secondary school. At 
least one teacher of the other science courses 
usually taught in schools has stated that these 

1G. C. Mallinson, School Sci. and Math. 52, 296 (1952). 


2 Boston Herald, January 19, 1953, p. 1. 
3 Boston Herald, Februrary 16, 1953, p. 12. 


observations hold in the other sciences as well 
as in physics. 

The writer does not believe in the argument 
that the vocabulary of physics is too hard for 
the average student. There can be no honor or 
value in education that stoops to the level of 
the student in the interest of keeping him from 
having to stretch a little, even if it means that 
learning is a painful process. But there is a more 
basic problem to be faced by the writers of 
textbooks for school use. 

First, let it be admitted that there are no 
textbooks of physics for secondary school use, 
if the material contained in the average text is 
any indication, but only courses in popularized 
applied science. Second, young people are easily 
confused and often fail to note that there is a 
difference between understanding a subject and 
knowing many facts and figures relating to that 
subject. It is thus unfortunate that textbooks 
written for young people have ignored almost 
all of the rules of simple logic, without even the 
claim that the logical approach has been sacri- 
ficed for historical order. It is suggested that 
these two faults account in part for the scarcity 
of good students entering our scientific fields. 
The fault lies with both the writers of textbooks 
and also with the regional or national testing 
programs which have tended to perpetuate the 
illogical study of a subject that could and should 
be systematic. 

Let us examine in some detail a few of the 
textbooks that are in common use in order to 
see why the above two claims are made. For a 
recent paper, the writer had occasion to in- 
vestigate closely several hundred textbooks in 
physics or mechanics.* Some were old, some new, 


4C. A. Compton, An Introductory Course in Mechanics. 
A thesis for Course IX, Massachusetts Institute of Tech- 
nology (1951). 
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and it was easy to see how the teaching of 
physics has been perpetuated when the order and 
even whole paragraphs have been carried from 
decade to decade, even when some of the material 
was outdated. But this is another story.5 For 
various reasons, few of the textbooks were 
adaptable to secondary school teaching. There 
are, however, a few which have been written 
primarily for college freshmen or high school 
students, and which have come to be more or 
less standard for this age group, in the North- 
eastern states at least. The logic, if any, that has 
been used by the authors should leave the 
average teacher of plane geometry or simple 
logic gasping. In one text, the second chapter 
covers machines, mechanical advantage, torque, 
equilibrium, all within the first twenty pages. 
Work and power are the next topics, with an 
aside on friction, followed by liquids and gases. 
Finally, after about one hundred pages, force is 
considered, although it has been used in defini- 
tions in each of the above topics. Energy, or 
the capacity to do work, follows work by about 
150 pages, many of which contain material 
having no dependence upon either work or energy 
but all tending to hide the fact that energy and 
work are closely allied topics. 

In another textbook, what has been gained in 
logic is lost to inconsistency. Although force is 
used to define many topics that come before it, 
such as pressure, mechanical advantage, and so 
on, at least work, power, and energy come 
together. But although the introduction to a 
recent edition states that the authors have 
stressed the difference between weight and mass, 
they fail to do just that. For 114 pages the gram 
is a unit of weight; suddenly it becomes a unit 
of mass, although the text stresses that the two 
are not the same thing. To confuse the students 
still more, in one group of problems the kilogram 
is used as a unit of weight (just after the text has 
defined it as a unit of mass), and five pages 
later the problems use it as a unit of mass. 

Lack of planning may have led to the order 
outlined above, but part of the fault lies in the 
fact that all the textbooks that have come before 
have used similarly poor order. Part of the fault 
may also lie with the fact that, at one time, the 


5 See also R. J. Seeger, Am. J. Phys. 21, 29 (1953). 
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average person knew more about liquids than 
he did about motion, and so liquids were studied 
first. This is no longer true, yet liquids still come 
before motion in most textbooks for school use. 

Lack of a logical order is only half of the 
problem faced by those who seek a textbook for 
use in secondary school physics. Texts have 
seemed to tend toward providing a course in 
which no thought is left to the student except in 
the problems. In fact, this trend is illustrated in 
the whole visual aid idea in which the student is 
expected only to see something, never to think it 
out for himself the hard, but informative way, 
the way in which he will never forget it. Every 
possible problem is considered in the text, as if 
each new problem were a special case to be 
learned. Every possible formula is stated, giving 
the impression that, by memorizing them the 
student will know his physics. This process 
makes it necessary to use a minimum of mathe- 
matics, namely, substitution into a formula. For 
example, having learned Archimedes’ principle 
and the definition of specific gravity, the student 
is not expected to put the two ideas together for 
himself and to find out how to find the specific 
gravity of things. True, the average student 
might not be able to do so, for he is never asked 
to and never expected to. As a result, the 
authors list seven formulas so that the student 
need only memorize when to use which one. 
This teaches not a thinking process but a 
memorization process. Similarly, it is not enough 
to know the definitions of mechanical advantage, 
equilibrium, and efficiency and then to think 
each problem through. Instead, as many as 
sixteen formulas may be given, each for a certain 
type of machine only. Such masses of detail do 
not train thinking human beings, nor do they 
tend to convey the idea that science is an attempt 
to find some more or less general concepts. To 
quote Henri Poincaré: ‘‘Science is made out of 
facts just as a house is made out of stones, but 
a mere collection of facts is not a science, any 
more than a pile of stones is a house.”’ 

The cause for these masses of detail seems to 
be that the text has assumed a popularized 
nature. It seems to be the aim to combine a 


little physics with a huge mass of applied science 


6 See also D. M. Bennett, Am. J. Phys. 20, 589 (1952). 
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on a popularized level. Some of this is good, but 
a book cannot do as good a job as the teacher 
who can, in the classroom, adapt the discussion 
to his group and mention all of the applications 
of the physics that seem to be important for his 
group of students and his course objectives. 
Some examples and illustrations are advisable 
in any textbook, but it is not wise to fill the text 
with so many of them that it is hard for the 
student to find the physics. Nor is it wise, in 
the writer’s opinion, to cover so many topics that 
are too complex to be covered in any introduc- 
tory course. The physics can be described by 
simple engines instead of jets and gas engines, 
and by using simple diagrams instead of detailed 
photographs. It has been stated by one professor 
of physics at a reputable institution of scientific 
learning that even the siphon is more complex 
than most students or teachers of school science 
can grasp. There is a danger in all walks of life 
today to stress the simple one-word answer to 
even the most complex situations, and that is 
just what oversimplified illustrations tend to do 
and what an educational institution is supposed 
to teach not to do. The textbook should present 
the physics, leaving the rest of the material to 
the teacher, so that he can cover what is needed, 
and the student can find the physics without 
having to wade through hundreds of pages of 
other material. Instead of the two or three 
pages on Newton’s laws or on energy and then 
twenty on machines, it should be the other way 
around, so that the student could have some 
concept of their relative importance in physics. 
The tendency that has been outlined above may 
stem from the attempt to popularize physics by 
making it cover all the possible interests of the 
students. This may also explain the desire for a 
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reduction in the number of harder words used 
in the textbooks. Here is one way of making 
a subject palatable to those who have no business 
in taking it but who could find worthwhile 
material in a history of science course. One does 
not read comic books to learn English, nor 
should one read popular accounts of science to 
learn physics. 

Is it any wonder that the average student in 
secondary school might well shy away from a 
career in science? He is faced with so much poor 
logic, memorization, and detail (and inconsis- 
tency) that only one who is already devoted to 
the subject could be expected to continue in the 
field. There is a place for popular science, but is 
it in the physics courses? There is need for a 
history of science course, but this should be a 
history of all the sciences since they cannot 
properly be divided in an historical study. Yet, 
in a world in which physics plays so important 
a part and in which there is a need for thinking 
human beings and for young scientists, it is 
important to let students have some knowledge 
of physics as opposed to applied or home me- 
chanics. Each course must, obviously, be adapted 
by the teacher to the needs of his group by class 
work, outside reading, and so on. But by trimm- 
ing out some of the unnecessary material that 
the present textbooks contain and by introducing 
some sort of logic, it might be possible to touch 
upon some of the more recent developments and 
to capture for the students some of the beauty 
and interest that is inherent in a well-organized 
subject. An organized and inspired subject in 
high school (along with an inspiring teacher) 
is the best foundation from which to lead more 
students toward future careers in science. 
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In this note, a continuation of an earlier paper, is given a general symbolic solution of equa- 
tions of the type of the Schrédinger equation with sources. From this it is easy to see the con- 
nection which exists between the solutions of two important special problems: that in which 
the function vanishes initially and is therefore entirely determined by the source, and that in 
which the source vanishes and the function is entirely determined by its value at some initial 


instant. 


iy a recent note! on the theory of scattering, 
mention was made of the similarity which 
exists between the functions G and R, which 
occur in the solution of the source problem and 
of the initial-value problem connected with the 
Schrédinger equation. The source problem asks: 
What is the g(r, ¢) which satisfies the inhomoge- 
neous Schrédinger equation 


(thd,—p*/2m) g(r, t)=p(r, t), (1) 


together with the boundary condition that 
g(r, — ©) is zero? The initial-value problem 
(often called Cauchy’s problem) is to find the 
go(r, t) which satisfies the homogeneous Schré- 
dinger equation, 


(thd.—p?/2m) go(r, t) =0, (2) 


and the boundary condition that at some initial 
time, to, go is equal to some arbitrary function 


go(r, to). If we write the general solution of 
Eq. (1) as 


o(t,)= f ae’ f dx'G(r—r', tr) 0(2", 1), (3) 


and that of Eq. (2) as 
go(r, = far'R(e-1, 1-1) e0(0, to), (4) 


it was shown in A that R=7hG, but the proof was 
circuitous and the reason for the simple connec- 
tion was not made clear. The purpose of this 
note is to remedy the defect, by means of an 
argument which may have occurred to many 


1D. Park, Am. J. Phys. 20, 293 (1952), to be referred as 
A. The function R defined here differs from that in A by a 
factor of th. 


who read the original account, though not to the 
author. 

Let us consider Eq. (1), for if we can write 
down its general solution, then that of Eq. (2) 
will follow by setting p equal to zero and apply- 
ing the proper boundary conditions. To do so we 
consider the simple first-order differential equa- 
tion 


dy/dx+P (x)y=Q(x) 


whose solution? (in terms of definite integrals) is 


y (x) =exo| -f Pde" | 


xX { f exo f P(w")ds" |0(e")dx' +9) . 


Equation (1) is of this form, although there the 
symbol p* designates an operator which must 
always stand before the function on which it 
operates. Thus, from a literal point of view, the 
general solution of Eq. (1) is (with p?/2m=H) 


g(r, t)= exp| —-H(- | 


x| ; f [ae toc t")dt! 
—- exp] — —to) |p(r, 
i. F 


+ o(r, te) , (5) 


and direct substitution shows that the factors 
appear in their proper order so that Eq. (1) is 


2H. B. Dwight, Tables of Integrals (The Macmillan 
Company, New York, 1949), revised edition, p. 205. 
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indeed satisfied. We can write Eq. (5) in the form 


¢ et 4 
g(r, t)= -—f exp| —-H(0-0) lor, t')dt’ 


to 


+exp| —H¢ -1) Jot to), (6) 
a 


and this is the general solution to the following 
problem: We have a quantity g(r,¢) which 
interacts with a source whose density is p(r, ¢) 


according to Eq. (1). At some time ¢o, the value’ 


of y(r, to) is some given function of r. What is 
the function g(r, ¢) at any other time ¢ (earlier 
or later than fo)? If there is no source, then we 
have solved the initial-value problem of Eq. (2): 


go(r, t) =exp| —-H(¢ -1)| go(f, to). (7) 


Comparison of this way of writing the solution 
with the previous form of Eq. (4) shows that, 
since go(r,to) is assumed to be an arbitrary 
function of r, the integral operator of Eq. (4) 
is equivalent to the exponential one of Eq. (7). 
With this information, let us return to the gen- 
eral solution, Eq. (6). It can now be written as 


4 t 
g(r, t)= — f ae’ f dr’ R(x—r', 1-1) (0,1) 
to 


+ farR@-r,1-no(e, to). (8) 


The boundary conditions which define the 
source problem require us to take f) as minus 
infinity and g(r’, to) as zero, in which case 
Eq. (8) is 


4 t 
g(r, t)= —f ar’ f dr'R(e—r',t-1) 


Xe(r’,t’). (9) 


Comparison of this relation with Eq. (3) shows 
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that 
R=ihG, (10) 
as noted in A. 
In A, we were interested in solving Eq. (1) 
with 
p(r, t) = V(r, t) g(r, 2), 


V being an external potential, and the boundary 
condition that at the time to, g was given by a 
plane wave. But whatever g(r, to) may be, the 
second term on the right of Eq. (6) or Eq. (8) 
represents the value at time ¢ of this function if 
it had developed in the absence of interaction. 
For this reason it was written as go(r, ¢) in A. 
It satisfies the free-particle wave equation, 
Eq. (2). 

The function R itself was constructed in the 
Appendix of A, where it was shown that (with 7 
equal to t—?’) 


R(r-r’, 7) 
=(m/2nrihr)' exp[im(r—r1’)?/2h7]. (11) 


Thus we have seen the origin of the relation be- 
tween G and R, and have in addition derived 
Eq. (8) for the solution of the initial-value prob- 
lem when there are sources. 

Since Dirac’s equation is also of the first order 
in 0/dt, we can apply to it the techniques de- 
veloped above. In fact, all the general relation- 
ships, such as Eqs. (8)—(10), are valid regardless 
of the form of the Hamiltonian function and so 
hold also for Dirac’s equation. It only remains 
to determine the form of R. This can easily be 
done by the methods we have developed, but 
since the result is well known,’ we shall omit the 
details. 

As a further generalization, we may note that 
the steps leading to Eq. (10) are still valid if the 
Hamiltonian function H involves an interaction 
with a potential V. In this case, however, the 
function R, when it can be evaluated at all, is 
considerably more complicated in form than 
Eq. (11). 


W2G. Wentzel, Einfiihrung in die Quantentheorie der 
Wellenfelder (J. W. Edwards, Ann Arbor, 1946), Eqs. 
(20.35-36). 
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The course described replaces the optics course in the undergraduate curriculum. It is be- 
lieved that the course described provides the student with a more interesting approach to the 
subject of optics, allows a better understanding of the relationship optics plays to the other 
fields of physics, and above all, gives a much better knowledge of the fundamental principles of 


the subject. 


I. INTRODUCTION 


HE standard undergraduate physics cur- 

riculum in most colleges starts with a 
one-year beginning course covering as much as 
can be presented in the subject matter of me- 
chanics, light, electricity and magnetism, heat, 
and perhaps a small amount of atomic physics. 
Then, during the remainder of his undergraduate 
career, the physics major enrolls in a number of 
relatively unrelated intermediate courses cover- 
ing the same topics but in somewhat more 
detail. It is the optics course of this intermediate 
group which has in recent years been of particular 
interest to the author. Many of the students 
with whom discussions have been held have 
expressed a violent dislike for optics, much 
more so than for any of the other intermediate 
topics. One of the chief complaints has been 
that the optics course is usually a mere hodge- 
podge of facts, many unrelated in themselves 
except that they all are concerned with some 
phenomenon associated with light and, above all, 
apparently having little connection with other 
fields of physics. 

Based upon this rather common complaint, 
a course, entitled ‘‘Radiation,” taken by the 
physics major in his senior year, and preceded by 
the electricity course in his junior year, has been 
devised at Washington University. This curric- 
ulum is now in its fourth year, and it appears to 
have been successful in eliminating much of the 
lack of interest in optics as well as the lack of 
understanding of the relation of optics to other 
fields of physics. 


* Now at U. S. Naval Radiological Defense Laboratory, 
San Francisco, California. 


II. RELATION OF COURSE TO OTHER 
PHYSICS COURSES 


By the time the physics major has reached his 
senior year at Washington University he will 
have had intermediate courses in at least elec- 
tricity and magnetism and modern physics. 

In the electricity course he will have learned 
the basic fundamentals. During the process of 
introducing these fundamentals the Maxwell 
equations are derived, so that by the end of his 
junior year he should have a knowledge of their 
significance. He may also have a _ sufficient 
amount of circuit theory to possess some practical 
knowledge of the importance of electricity and 
magnetism and of the Maxwell equations. 

The modern physics background gives a 
better than speaking acquaintance with such 
subjects as relativity, x-radiation, atomic struc- 
ture, and nuclear structure. 

So far as mathematics is concerned, the normal 
student will have finished at least a sequence of 
calculus courses ending with coverage of the 
fundamentals of differential equations. A number 
of students who start this sequence in their 
freshman year also by this time have completed 
a semester of advanced calculus and a semester 
of Fourier series and boundary value problems. 
The development of the Maxwell equations in 
the electricity course will have given the student 
a working knowledge of vector calculus. 

With this background the student is ready to 
start the subject of optics at what we consider 
its roots, the Maxwell equations. Many optics 
textbooks mention the electromagnetic theory 


of light.1 However, this topic is usually inserted 


1 See for example F. A. Jenkins and H. E. White, Funda- 
mentals of Optics (McGraw-Hill Book Company, Inc., 
New York, 1950), second edition, Chap. 20. 
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as a sort of side issue rather than as the base 
upon which to build and through which a logical 
connection may be shown between optics and 
other subject matter in physics. It might also 
be indicated that by starting with the electro- 
magnetic theory the wave characteristics of 
radiation may be developed for all wavelengths; 
one is not limited to the visible or near visible 
region. As each subject is unfolded, experiments 
for testing it in each of the wavelength regions 
of the spectrum may be discussed. 


Ill. OUTLINE OF THE COURSE 
(a) Background 


In this part of the course three items, to be 
of importance throughout the course, are dis- 
cussed. These are all supposed to be topics with 
which the student is already familiar. However, 
after a summer vacation a refreshening of the 
memory is usually a necessity. 

In the first place the periodic nature of 
radiation leads to a study of wave motion. This 
is based upon the facts that the sine wave is 
the simplest mathematically of all periodic 
motion and also that Fourier analysis allows an 
expression of any periodic motion of the type 
encountered in radiation as a sum of sine and 
cosine functions. 

The manipulations in vector calculus are 
relatively recent in the student’s experience. 
Thus a review of these manipulations is generally 
necessary as the second review topic. 

The third topic is one which seems to perplex 
a very large number of students. This is the 
subject of the units and dimensions associted 
with physical quantities. Since two systems of 
units, the Gaussian and the rationalized MKS, 
are most frequently used in the treatment of the 
problems of radiation, both are discussed as 
thoroughly as possible within the time limit 
allotted to this topic, and all basic equations 
throughout the course are given in both systems. 
The dimensions of each electrical quantity are 
also stressed. 


(b) Propagation of an Electromagnetic Wave 


The initial physical development in the course 
is the formation from the Maxwell equations of 
the wave equation. From this are obtained, in 
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succession, equations for the electric and mag- 
netic vectors associated with the propagation 
of electromagnetic radiation in an evacuated 
region, in a dielectric medium, and in a conduct- 
ing medium. Physical interpretations are made 
under the assumption that we are dealing with 
the propagation of a plane wave in a single 
medium of infinite extent.2 This brings out 
many physical phenomena without introducing 
too many limiting factors. Also included within 
this section is a discussion of linearly, circularly, 
and elliptically polarized radiation, how they 
are related to the field vectors and something 
concerning the various forms they can take.* 
Near the end of the section is a discussion of the 
transport of energy by a beam of radiation with 
the subsequent derivation of the Poynting 
vector. 


(c) The Electromagnetic Wave at a Surface of 
Separation between Two Media 
(Reflection and Refraction) 


After the propagation of the radiation in a 
single medium is firmly established in the minds 
of the students, the division of the universe into 
two semi-infinite media is considered. For this 
condition, consideration is first made of the 
effects of a change of medium on the continuity 
of the vectors, E, D, H, and B. Once this is 
done the student is ready to receive the Fresnel 
formulas for reflection and refraction’ and 
discuss their physical significance as they apply 
to changes of amplitude, changes of phase and 
changes of intensity for reflection at a dielectric- 
dielectric surface (successive discussions are 
made for external and internal reflection) and 
at a dielectric-conducting surface.*® 

All discussion up to this point treats plane 
waves exclusively. The discussion of a dielectric- 
conducting surface serves as an excellent point 

2 This treatment of this subject matter follows rather 
closely to H. H. Skilling, Fundamentals of Electric Waves 
(John Wiley and Sons, Inc. New York, 1948), second 
edition, pp. 109-130. 

3M. Born, Optik (J. Springer, Berlin, —_ pP- 21-25. 

‘i. 3. Skilling, reference 2, pp. 131-136 Frank, 
Introduction to Electricity and Optics (McGraw-Hill Book 
Company, Inc., New York, 1950), second edition, pp. 
196-199. 

5M. Born, reference 3, pp. 28-29; R. W. Ditchburn, 
me = and Son, Ltd., London, 1952), pp. 420-452. 

7 j A. Jenkins and H. E. "White, reference 1, pp. 560- 
5 _ 


Valasek, Theoretical and Experimental Optics 
(John Wiley and Sons, Inc., New York, 1949), pp. 242-257. 
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in the course to introduce both spherical and 
cylindrical waves through a discussion of the 
radiation produced by an antenna.’ This has 
been done. 

It is also quite easy to introduce and derive at 
this point the laws of geometrical optics based 
upon the Fresnel formulas. This has not been 
done as yet in actual practice. 


(d) Diffraction and Interference 


The discussion of this material does not follow 
the historical sequence so common in most 
optics books. Instead it is felt that the subject 
of diffraction of radiation is fundamental. As a 
result the initial introduction to Huygens’ 
principle leads to the classical development of 
diffraction according to the Kirchhoff* formula- 
tion. Following a discussion of the diffraction 
pattern produced by a rectangular aperture and 
by a circular aperture using the Kirchhoff formu- 
lation, the phenomenon of interference is intro- 
duced as a natural consequence of the diffraction 
produced by two or more symmetric apertures. 
We believe that this is a much more logical 
approach to the subject of diffraction and 
interference than the so commonly used historical 
approach which introduces the subject with a 
discussion of Young’s experiments. The method 
used here leads directly into a discussion of the 
various experimental techniques directly related 
to the phenomena of diffraction and interference. 
It also provides an easy way to bring into the 
conversation applications as they apply to all 
radiation wavelengths. As an example let us 
consider the discussion of the diffraction grating. 
A rather thorough study of the principles of the 
diffraction grating and of the physical charac- 
teristics of gratings used in the infrared, visible, 
and ultraviolet regions of the spectrum have been 
provided by Sawyer.’ Experimental observation 
of diffraction phenomena in the microwave 
region has been discussed by Hull.!° The phe- 
nomenon may even be carried into the longer 
wavelength regions with a treatment of the 


7 Following the pattern of H. H. Skilling, reference 2, 
pp. 160-178. 

8G. Joos, Theoretical Physics (Blackie and Son, Ltd., 
a 1934), pp. 363-396; Born, reference 3, pp. 
147-1 

9R. A. Sawyer, Experimental semen (Prentice- 
Hall, _ York, 1946), Chapters 6 

0G. F . Hull, Am. J. Phys. 17, 559 “(1949). 
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radiation patterns from antenna arrays! as 
modified versions of radiation produced by a 
diffraction grating of huge dimensions. The 
treatment of the diffraction grating is also 
carried into the x-ray region with a treatment 
of the three-dimensional crystal grating.’* An 
excellent example of an x-ray and gamma-ray 
grating is the curved crystal spectrometer." This 
even provides for mention of the use of the 
Rowland circle at a wavelength far from the 
visible or near-visible. 

There is, of course, adequate treatment of 
both Fraunhofer and Fresnel diffraction in the 
course. These are treated as a natural conse- 
quence of conditions imposed upon the diffraction 
formulae derived at the beginning of the section. 


(e) Propagation of E-M Radiation Through 
Anisotropic Media 


At this point in the course we go back to the 
redevelopment of the vectors E and D of part b. 
In this case, however, one further step toward 
generalization is made. The electric flux density 
D is no longer considered as a quantity directly 
proportional to the electric field E(D = eE) as was 
done in the case of the isotropic medium. We 
now assume that D=E+4nP, where P is the 
polarization vector and is not necessarily directed 
in the same way as E. This is done in order that 
we may develop the laws for the propagation of 
electromagnetic radiation through anisotropic 
media." 


Applications of optical anisotropy also are 
discussed. Among these are such things as 
uniaxial and biaxial crystals,!® photoelasticity,'® 
the Kerr electro-optical effect!” and others. 


1G, P. Harnwell, Principles of Electricity and Electro- 
magnetism (McGraw-Hill Book Company, Inc., New 
York, 1949), second edition, pp. 607-615. 

22 A. H. Compton and S. Re Allison, X-Rays in Theory 
and Experiment (D. Van Nostrand Company, Inc., New 
York, 1935), pp. 331-346. 

BJ, W. M. DuMond, Rev. Sci. Instr. 18, 626 (1947). 

14M. Born, reference 3, pp. 218-258; G. Joos, reference 

8, pp. 347- 362; 12 Valasek, reference 6, pp. 194-212; 
R. W. Ditchburn, — 5, pp. 482-502. 

FR, A, Jenkins and H White, reference 1, pp. 
507-541; R. W. Ditchburn, reference 5, pp. 501-523. 

16 A, W. Hendry, Introduciton to Photo-Elastic Analysis 
— and Son, Ltd., Glasgow, 1948); H. T. Jessop and 

Harris, Photoelasticity Principles and Methods 
gu Publications, Inc., New York, 1950); see also the 
several articles in the A ril, 1939 and "May, 1939 issues of 
the Journal of Applied hysics. 

17M. Born, oe 3, pp. 365-370; R. W. Ditchburn, 
reference 5, pp. 528 
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Finally in this section the subject of optical 
activity is discussed. These discussions, however, 
are not much different from the customary 
optics course.!® 


(f) Dispersion, Absorption, and Scattering 
of Radiation 


This section is not greatly different from the 
more customary optics course. The chief diffi- 
culty in making a change here is the fact that 
so much of the theory associated with these 
phenomena depends upon the quantum theory. 
Here again the topics discussed are rather 
closely related to the material in the various 
optics texts.” 


(g) Introduction to the Quantum 
Characteristics of Radiation 


As a final topic in the Radiation course we 
discuss some of the fundamental ideas associated 
with the quantum theory of radiation. For 
this we follow fairly closely Chapter V of 
Richtmyer and Kennard,” ‘The Origin of the 
Quantum Theory,” after which we spend what- 
ever remaining time we have discussing particle 
waves”! and atomic and molecular radiation.” 


IV. REMARKS 


The course is designed to cover two semesters, 
for a total of six semester-hours credit. It is 
generally one of five courses taken during the 
senior year. Experience has shown that, at the 
end of the first semester, the average class will 


18 J. Valasek, reference 6, pp. 227-231; F. A. Jenkins 
and H. E. White, reference 1, pp. 543-558. 

19 J. Valasek, reference 6, pp. 232-240, 331-337; F. A. 
Jenkins and H. E. White, reference 1, pp. 444-483; R. W. 
Ditchburn, reference 5, pp. 452-481. 

2 F. K. Richtmyer and E. H. Kennard, Introduction to 
Modern Physics (McGraw-Hill Book Company, Inc., 
New York, 1947), fourth edition, pp. 139-183. 

21F, K. Richtmyer and E. H. Kennard, reference 20, 
pp. 235-259; J. D. Stranathan, The Particles of Modern 
Physics (The Blakiston Company, Philadelphia, 1942), 
pp. 538-555. 

2F. K. Richtmyer and E. H. Kennard, reference 20, 
pp. 184-234, 288-386. We have never covered more than 
the bare essentials of this topic, because of the lack of time 
remaining in the course when we reach this. 
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have assimilated sufficient material to have 
reached a point somewhere in the section on 
diffraction and interference. The exact position 
seems to depend greatly upon the abilities and 
size of the class. The smaller classes appear to 
have worked through the material more rapidly 
than the larger ones. However, whether the 
smaller classes really got as much out of the 
course is open to some doubt, since there seemed 
to be fewer questions asked during classroom 
discussions. 

The one thing which has been omitted from 
the curriculum of the course has been an accom- 
panying laboratory. Experiments for advanced 
undergraduate physics majors at Washington 
University have been incorporated into an 
independent course called ‘‘Intermediate Labora- 
tory.”” Whether this is the best thing to do is 
undoubtedly open to debate. A laboratory, 
consisting of a certain number of experiments in 
physical and geometrical optics, judiciously 
arranged to correlate with classroom discussions 
and demonstrations, would certainly help in 
providing a better understanding of the subject 
matter. 

In conclusion, it should again be indicated that 
such a course as the one just described does not 
change the subject matter but merely the 
approach. There are two distinct purposes in 
mind. In the first place, there is a definite desire 
to keep student interest at as high a level as 
possible. A more integrated approach kindles 
additional interest. There is also the desire to 
present an approach in the student’s senior 
year which is not too greatly different from the 
graduate school approach to a subject. This 
course therefore helps to serve as a cushion, 
such that the transition into graduate school is 
not a serious shock. All too often undergraduate 
physics majors have not had adequate under- 
graduate preparation and some who otherwise 
would be excellent students flounder at great 
length while they make up deficiencies which 
should have been taught to them as under- 
graduates. 





Principal Frequencies of a Double Spring-Mass System 
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The purpose of this paper is to show how the masses of the springs will affect the principal 
frequencies of a double spring-mass system. The frequency equation for the system is first de- 
rived from a set of assigned boundary conditions. Then with the assumption that the mass of 
each spring is relatively small, a special case is considered. It is shown by approximation that 
the mass of the spring has the equivalent effect of changing the main mass by an amount which 


depends on the modes of oscillations. 


HE calculation of the principal frequencies 

of a two-degrees-of-freedom system shown 
in Fig. 1 is a simple standard problem in ad- 
vanced mechanics. Ordinarily, this problem is 
solved with the assumption that the springs are 
massless. It is true that, in practice, the mass of 
the spring is usually small as compared to the 
main mass (M, or M:2), but in many cases, the 
spring’s mass is not small enough to be com- 
pletely neglected; therefore, the question arises 
as to how the masses of the springs will effect 
the principal frequencies of vibration of this 
system. 


EQUATION OF MOTION 


If the masses of the springs are appreciable, 
the system has a doubly infinite number of 
degrees of freedom because the springs are con- 
sidered as continuous elastic bodies. There will 
be a frequency corresponding to each degree of 
freedom. The motion of such a system may be 
represented by the partial differential equation! 


Oe 1 Oe 
=. — (1) 


Ox? v? df? , 


where ¢ is the elongation of the spring at point x, 
and time t, x is the coordinate measured from the 
fixed end along the unstretched length of the 
spring, v=K/p, p=m/L, m is the mass of the 
spring, L is the length of the spring, and K is the 
spring constant defined as force per unit strain. 

In our problem, the springs are assumed to 
have different spring constants and linear densi- 

1L. Page, Introduction to Theoretical Physics (D. Van 


Nostrand Company, Inc., New York, 1947), third edition, 
pp. 169-173. 


ties. We shall designate the elongation along the 
length O<x<L; by e and along the length 
Ligx<(Li+L2) by e2. The functions e;(x, #) 
and ¢2(x,¢) must satisfy Eq. (1) in their respec- 
tive interval of x, and the boundary conditions 
of the system. Our principal aim in solving this 
boundary-value problem is to determine the 
relationship, specifying all the possible frequen- 
cies of vibration. After this is obtained we shall 
consider the two fundamental frequencies in a 
special case in which we can show by approxima- 
tion the small effect due to the mass of the spring 
on the principal frequencies of the system. 


BOUNDARY CONDITIONS 


As shown in Fig. 1, one end of spring K, is 
fixed, and the other end is loaded with mass M, 
which is coupled to spring K». The other end of 
spring Ke is loaded with mass M>2. The boundary 
conditions can be written as follows: 


x= 0, €,; = 0 (2) 
Oe, Oe; 

M:— (3) 
Ox Ox oe 


O€2 
a 


x=, —— 


rr" = 


Oe; O€2 
€:=€, —=— (4) 
ot ot 


x=Ih, 


O€2 07 €5 


K,—= —M,— (S) 
Ox 0 


Oe, O€2 
0, —=—=0, (6) 
ot at 


The system may be given an arbitrary initial 
displacement. Since we are interested only in 
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K, M, K, M 


l, ——————--—- L, 
Fic. 1. System having two degrees of freedom. 


the natural frequencies, we do not need to know 
the initial displacement. 


SOLUTION 


The particular solutions of Eq. (1) satisfying 
boundary conditions (2) and (6) are: 


€:=A sinax cosavy}t, (7) 
and 


e.=B cos6(Li:+L2—x) cosBvet 
+C sinB(L,;+L2—x) cosBret. 
From condition (4) we find 


A sinaL;=B cos8L2+C sinBLo, 
and 


av; = Bo. 
From condition (3) we have 
KBB sin8BL2—K:2CB cosBL2—K,Aa cosaL, 
= — M,Ao’v? sinal. 
Using condition (5) we obtain 


B/C= —K2/Mww-8. 


(11) 


(12) 


tanaL = 


Our problem now is to determine an expres- 
sion specifying the values of a. The ratios B/A 
and C/A given in Eqs. (9) and (11) can be found 
by solving the two equations simultaneously. 
Having the results, we can eliminate B/C from 
Eq. (12). If we substitute a=v2/v,; and sim- 
plify, we have 


(Myv17a? — { K2?/ M2v2"}) tan (v:aL2/v2) 
+ (KiK2/Myv,2) coteL, 
— (Kya cotaL) tan (vjaL2/v2) 
— ({Mi/M2}+1)Kova/v2=0. (13) 


Equation (13) gives all the allowable values of 
a and the two lowest values correspond to the 
two fundamental frequencies. The frequencies 
and a are related by the expression 


2a f=ath. (14) 
A SPECIAL CASE 


It is interesting to note that if M;,=M.,=M, 
L,=L2.=L, Ki=K.,=K, and 1; =v2.=2, Eq. (13) 
becomes 


({ M?o?v'/ K?} —1) tan’aL 
— (3Mav?/K) tanaL+1=0. 


Solving for tanaL we get 


(15) 


{3Mav?/K} +[9(Mav?/K)? —4({ M?a*vt/K?} —1)]} 


2({ M?a’v!/K?} —1) 


Since v2 =K/p=KL/m, Eq. (16) can be written as 
3aL (m/M) + (m/M)(S(aL)?+4(m/M)*]} 


tanaL = 


2[ (aL)? — (m/M)*] 


Suppose (m/M)* is so small as compared to 
(aL)? that it can be neglected, then 
tanaL = (3+5!)m/2aML. (18) 


Since m/MaL is small, the latter expression may 
be written as 


[(aL)?/3+1](aL)?=(345!)m/2M. (19) 
In Eq. (19), the first-order approximation yields 
(aL)? = (35')m/2M, 


and the second-order approximation can be ex- 


pressed by 
353); 
iiaensaanl at 
2[M+ (3+5')m/6] 


Thus, from Eq. (14), it follows that the two 
fundamental frequencies are given by 


1 k(3-+53) i 
ee ee 


(21) 


where k= K/L is the spring constant defined as 
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force per unit displacement. Equation (21) shows 
that the mass of the spring has the equivalent 
effect of changing the mass M by an amount 
(3+5')m/6 which depends on the modes of 
oscillations. The plus sign corresponds to the 
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mode in which the motions of the masses are 
180° out of phase. 

The author wishes to express his gratitude to 
Dr. D. A. Wells for his suggestion of this problem 
and for his continuous interest and help. 
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A new treatment is given of the emission of light quanta by an electrical current. It works 
with the Heisenberg representation, and might be suitable for teaching purposes. 


Z 


T is known from classical electrodynamics that 

an accelerated charge emits radiation. Thereby 
no account is taken of the quantization of light. 
This can only be done by a quantum-mechanical 
treatment, which is very difficult. Bloch and 
Nordsieck! found that a considerable simplifica- 
tion could be achieved if one treats the current 
as a given source of the radiation field, i.e., if one 
neglects the recoil the charged particle suffers 
from the emission of radiation. Recently, 
Thirring and Touscheck? have given a different 
treatment of the same topic. 

The problem at hand is the simplest problem 
of quantum electrodynamics, and incidentally 
the only one which can be solved explicitly. It 
is, therefore, of considerable interest for teaching 
purposes. As usual in quantum mechanics, its 
difficulties are mathematical and conceptual. 
Here a treatment is given where the mathematics 
is reduced almost to trivialities, whereas nothing 
could be done about the conceptual difficulties 
inherent in quantum mechanics. 

In quantum theory physical quantities are 
represented by operators X which operate on 
state vectors ®. All observable values are finally 
obtained from inner products of the type 
(®’, X®). For actual calculations, one can pro- 
ceed in various ways, of which we mention only 
the two extremes: Either the operators are 


1F, Bloch and A. Nordsieck, Phys. Rev. 52, 54 (1937). 
2W. Thirring and B. Touscheck, Phil. Mag. 42, 244 
(1951). 


fixed and the ®’s are functions of time; this is the 
Schroedinger representation familiar from wave 
mechanics. Or the state vectors are fixed, repre- 
senting the initial conditions, and the operators 
vary with time; this is the Heisenberg represen- 
tation. In this case, the equations of motion 
assume the form 


Suen [H, Xx] : (HX —XH 
—=—_[H, X]=——_(HX-XH). (1 
Ot 2xh 2rh ) (1) 


This means, that the time-derivative of any 
operator X is proportional to its commutator 
with the Hamiltonian H. The equations of mo- 
tion in the usual sense obtain, if one applies 
Eq. (1) to the operators q, and p, corresponding 
to the coordinates and momenta, 


Op, 7 


0H 
=——[H, Pp» ] = remy 
wh 


(2a 
“a 2 Oqn 


0qn 7 


0H 
-—{H, 4.J=—. 
0 


2b 
Ot 2rh Pn (2b) 


These equations are formally identical with the 
classical equations of motion. The solution of 
Eq. (2) gives in principle the solution of Eq. (1): 
For an operator which is a function of the p and 
q we have X(t) =X(p(é), q(é)). 

The tractability of the Heisenberg representa- 
tion for an explicit solution depends on two 
things: First, it must be possible to solve Eqs. 
(2). It will appear that this is easy for the prob- 
lem at hand. Second, it depends on the type of 
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information one wants to obtain. From the 
classical point of view, the situation is fixed 
completely, if one knows the coordinates and 
momenta. This is carried over into quantum 
theory as the assumption that all observables are 
(or at least behave as) functions of p, and qn. 
One can ask, for instance, for the probability 
that the system is in a certain state. In the 
Heisenberg representation this means that one 
has to take for X the projection operator E into 
this state. Now E cannot be given as a simple 
explicit function of the p, and qn; so it is better 
to use the Schroedinger representation in this 
case. On the other hand, if one is only interested 
in the averages and moments of the distribution, 
it will be shown that it is sufficient to consider 
operators X, which are quite simple functions 
of p and q. In the present problem, it will turn 
out that a certain (and practically most interest- 
ing) amount of information can be obtained very 
easily and directly from the Heisenberg picture. 

A characteristic feature of the following cal- 
culations is that the transition to quantum theory 
can be made in the very last step, and that it is 
not necessary to know the explicit matrix form 
of the operators involved. 


2. 


The Maxwell equations can be put into canoni- 
cal form by developing the vector potential with 
respect to a suitable orthonormal system of space 
functions: 


A(x, ¢) = D0qnAy (x). (3) 


The A) refer to the various directions of propaga- 
tion and polarization; the Maxwell equations 
then take the form 


Gr =vqa_t jr). (4) 


In this equation, », is the frequency of the light 
wave and the j) are the Fourier coefficients of the 
current j(x, ¢) with respect to the A). They are 
scalar functions of time. It will turn out that it 
is not actually necessary to know them. 

Equations (4) can be derived from the Hamil- 
tonian 


Ar = VA = DL ebN+30"'Gnr —jaga}. (5) 


This is completely separable, and the equations 
for the various degrees of freedom all have the 
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same form. We shall, therefore, only consider one 
degree of freedom, and drop the index A for 
convenience. 

The Hamiltonian equations are 


. oH . 
p= ——= —rgtprilt), 
oq 


(6a) 


Gu p, (6b) 


op 
and are equivalent to Eqs. (4). 

So far we have considered the classical theory 
of the electromagnetic field (or at least of the 
transverse part of it). Now we introduce quan- 
tization by considering p and gq as matrices and 
subjecting them to the commutation rules: 


Lp, q]= 27th. (7) 


The Eqs. (6a, b) are then still valid, as a conse- 
quence of Eqs. (2a, b). The important point is, 
that, on account of their linearity they are at 
the same time equations for each matrix element 
separately. Since 7(#) now is the multiple of the 
unit matrix, this means that the diagonal ele- 
ments satisfy the classical Eq. (4) and the non- 
diagonal elements satisfy the equations of the 
vacuum field. It is known from general quantum 
theory that the commutation relations (7) are 
satisfied for all times, if they are satisfied at some 
definite instant. Therefore, we can treat them 
as initial conditions. 

In order to integrate Eqs. (6a, b), it is con- 
venient to make the usual transformation 


R, = (p+ivq)/v2, 
R_= (p —ivq)/v2, 
from which it follows that 


(R,, R-]=2avh, (9) 


(8a) 
(8b) 


and 
OR, /dt=ivR,+ j(t)/v2. 
dR_/dt= —ivR_+j7(t)/v2. 
These equations can be integrated at once, and 
give 
R,(f) =e" {R,°+p(0)}, 
R-(t) =e-**{R-°+ p*(t)}, 
1 t 
p=— f eW rt 7(t') dt’. 
Va J 


—o 


(10a) 
(10b) 


(10c) 
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Here j has again to be considered as a multiple 
of the unit matrix, and therefore commutes with 
any matrix. R,° and R_® have to be some 
matrix solution of Eq. (9). 


3. 


As an example of an observable which can be 
easily expressed in terms of p and q, we take 
the energy of the radiation field, 


Hraa=32(p?+7"q’) =3(RiR_+R_R,). (11) 


If the state vector specifying the initial condi- 
tions is ¢°, then the expectation value of Hraa at 
time ¢ is: 


(Hraa)e= (¢°, Hraa(t)$"). (12a) 


At this stage it becomes necessary to use a 
definite representation. It is natural to use that 
in which H)p=}(R,°R-°+R R,°) is diagonal 
and to admit as initial conditions only such 
states ¢,°, for which exactly k quanta are present. 
In this case, we have 


(Hraa):= (62°, Hraa(t) bx) = (Araa(t)) x, x, 


and we need, therefore, only the diagonal ele- 
ments of Hy or any other observable we wish to 
consider. It is known that the R,°, R_® are, 
respectively, the destruction and creation opera- 
tors. So in the adopted representation they are 
represented by off-diagonal matrices, and the 
same holds generally for all products of R’s, 
which do not contain equal amounts of + and — 
signs. Such terms can be omitted, if expectation 
values are calculated. 
From Eqs. (11) and (10) we obtain 
Hraa(t) =} (Ry°R°+R°R,°) + | (4) |? 
+R, *+R_. (12b) 
Here the first form represents the energy Eo 
(i.e., the number of quanta) originally present. 
The second term is the energy Fout of the radia- 


tion produced. Being a multiple of the unit 
matrix, it has the same value for all initial 
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energies. Further, it is apparent from the pre- 
ceding calculation, that Ey has just the classical 
value. (This is the reason why it was not neces- 
sary to enter into a detailed definition of the 
Fourier coefficients j,.) The last two terms have 
no diagonal elements and so do not contribute 
to the expectation values. We have therefore, 
for the expectation value of the energy in the 
radiation field 


(Eraa) = Eot+Eout. (13) 


This equation coincides with the classical result. 
Differences arise if we calculate the expectation 
values for powers of Hraa. In classical theory, 
the energy of the radiation field has a definite 
value, and so has the expectation value of the 
square of the energy. Squaring Eq. (12b) and 
only retaining terms which contribute to diagonal 
elements, we obtain 


Hria?= (}(RYR0+ROR,") + |0]*}? 


+ (R,°R°+R°R,°)|p|?-++n. diag. (14) 


The first bracket is the square of a diagonal 
matrix, the elements of which are given by Eq. 
(13). So we have for the mean square deviation 
o? of the energy of the radiation field from its 
average, 


Oo ERaa=(Hraa) —(Hraa)?=2EoEout. (15) 


If we could make E)o=0, this mean square 
deviation would vanish. However, in quantum 
theory, the smallest value Eo can have, is the 
zero point energy 32zhv. If we pass over to the 
number » of quanta emitted by dividing by 
(2rhv)? we have 


a (n)?= (2n0+1)(n), (16) 


where mo is the number of quanta originally 
present. For 2»=0 we obtain a formula charac- 
teristic of a Poisson distribution for the number 
of quanta emitted, as was obtained by Bloch and 
Nordsieck. 





An Experiment in Mechanical Resonance Vibrations 


Boyce D. McDanNIeEL 
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(Received February 17, 1953) 


An apparatus suitable for an elementary laboratory experiment on mechanical, forced, 
damped oscillations is described. Sample results with this apparatus show four ways of measur- 
ing Q and three ways of measuring the resonance frequency of the system with good agreement 


among the results. 


ITUATIONS involving resonant systems 

under forced oscillations arise repeatedly in 
the study of physics. For many students, the 
solution of the equations involving amplitude, 
phase, beats, and decay of oscillations are merely 
abstract relations which give little physical feel- 
ing for the phenomena under study. Since all 
types of oscillatory phenomena follow essentially 
the same equations, a single experiment display- 
ing one particular type of forced oscillation will 
serve to familiarize the student with the essen- 
tial features of all phenomena of this sort. The 
following is a description of a laboratory experi- 
ment in mechanical, forced, damped oscillations. 
This apparatus has been used with much success 
in both second-year general physics and ad- 
vanced physics laboratories.! It not only dis- 
plays the principles involved but also contains 
elements which develop experimental skills and 
the ability to evaluate data. 


APPARATUS 


The mechanical system which is used is that 
of a torsion pendulum. The pendulum consists 
of an aluminum disk which is supported at its 
center by a torsion wire whose upper end is 
driven by a sinusoidal angular oscillation. The 
amplitude and frequency of the driving oscilla- 
tion may be accurately controlled and measured. 
Suitable devices are provided to measure the 
amplitude of the oscillations induced in the disk 
and the phase of the oscillations relative to the 
driving oscillation. A sketch of the arrangement 
is shown in Fig. 1. 

The upper end of the torsion wire is rigidly 
held by a driving arm which rotates coaxially 
with the wire, on a supporting bearing. The arm 


1 An apparatus, somewhat similar, has been described by 
E. C. Crittenden, Jr., in Am. J. Phys. 11, 282 (1943). 


is made to oscillate essentially sinusoidally by 
driving it with an adjustable eccentric which is 
located at a large distance from the wire. Though 
such a driving motion is not strictly sinusoidal, 
for sufficiently small values of the eccentricity 
the approximation is very satisfactory. The 
aluminum torsion disk is 4.6 cm in diameter and 
0.4 cm thick. The torsion wire is a 22-mil steel 
piano wire. The constants are chosen to make the 
natural frequency of the pendulum to be about 
5 cps. By soldering plugs on the ends of the tor- 
sion wire and then clamping these plugs securely 
at the disk and driving arm, the loss in the sys- 
tem may be made very low so that Q values 
as high as 600 may be obtained. 

The amplitude and phase of the oscillations 
are determined using an optical system and scale. 
A small mirror is attached to the disk. The 
mirror is illuminated by a lamp and lens system 
and the reflected image of the lamp filament is 
focused on a circular scale which surrounds the 
disk. By observing the maximum travel of the 
image on the scale, the amplitude of oscillations 
is determined directly. To determine the phase 


Fic. 1. Apparatus sketch showing torsion wire, T; disk, 
D; eccentric, E; lamp, L; phase slit, S; and mirror, M. 
Insert shows details of damping magnet with torsion disk 
in position. F is the yoke and C, the exciting coil. 
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relation between the position of the disk and the 
position of the eccentric, the upper half of the 
filament is shielded by a cylindrical shield which 
is attached to the rotating shaft of the eccentric. 
At one point on the circumference of the shield, 
a slit is provided which allows the entire length 
of the filament to be exposed, thus providing an 
extended image (‘‘spot’’) to appear on the scale 
at the instant this slit on the eccentric intercepts 
the light beam. In practice, the slit is located 
to pass light when the eccentric is 90° away from 
the equilibrium position. For a steady-state 
oscillation, this gives rise to a certain spot de- 
flection on the scale. Since the oscillations of the 
disk are sinusoidal, the ratio of the spot deflec- 
tion to the maximum deflection (amplitude) is 
just the sine of the phase angle measured rela- 
tive to the equilibrium position of the disk. If, 
for example, the spot position happens to have 
zero deflection, then it is clear that the motion 
of the disk is 90 degrees out of phase with the 
eccentric. This is the case at exact resonance. 
Under any arbitrary conditions the phase angle 
between the disk and eccentric is then given by 
the equation following: 


sin (44-+6) =cosd =6,/Omax; 


where 6 is the phase angle between the eccentric 
and torsion disk, @, is the spot position, and 
O@max is the amplitude of oscillation. There is an 
ambiguity of algebraic sign which cannot be 
readily resolved with this equipment except by 
reference to the theory. A second identifiable 
slit near the first one would permit the removal 
of this ambiguity. The phase at zero frequency 
may of course be readily obtained by rotating 
the eccentric slowly by hand. 

The accuracy of the amplitude measurement 
is limited by the spot size of the optical system 
to about 1 mm out of 30 cm. The phase measure- 
ments are limited by the spot size and frequency 
stability. Near phase angles of 90° the phase 
measurement may be made with an accuracy of 
about 2°. The accuracy of the phase measure- 
ment decreases rapidly as the driving frequency 
deviates from resonance, but in these regions, 
accurate phase measurements are of less im- 
portance. 

One of the most stringent requirements of the 
system is the frequency control of the shaft 
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which bears the eccentric. This control is ob- 
tained by driving the shaft with a differential 
gear system which allows the addition of two 
driving frequencies, one of which is accurately 
fixed near the resonant frequency of the system 
and the other one which is low in frequency and 
variable. This arrangement then permits small, 
well-controlled variations about the resonant 
frequency. The fixed frequency component is 
obtained by a gear reduction from a 30-cps 
synchronous motor. The other component is 
obtained through a large frequency reduction 
from a dc motor. By a gear selection system, the 
sensitivity and range of control of the dc motor 
may be varied. The control range may be ad- 
justed in four steps from 3 to 70 percent of the 
resonant frequency. The arrangement gives a 
frequency control which is limited in the region 
of resonance to the 60-cps line stability. This is of 
the order of 0.1 percent. This enables measure- 
ments to be made on Q’s of the order of several 
hundred. Though control systems giving poorer 
frequency control may be used, the maximum Q 
values which may be used are correspondingly 
lowered. 3 

The frequency of the driving eccentric may be 
determined by measuring the number of revolu- 
tions of the dc motor in a given time. A revolu- 
tion counter is provided for this purpose. The 
actual frequency is then computed from the 
various gear ratios and from the assumption of 
the value of the line frequency which drives the 
synchronous motor. Measurements may be made 
more rapidly, if desired, by putting a strobo- 
scopic disk on the de motor shaft and illuminat- 
ing it with a 60-cps neon glow lamp. Adjustment 
of the dc motor speed may then be made to 
maintain synchronization between a _ chosen 
pattern of the stroboscopic disk and the light. 

The radius of eccentricity of the eccentric may 
be determined by direct measurement, or by 
measurement of the maximum excursion of the 
image of the filament on the scale surrounding 
the torsion disk. This maximum excursion is 
measured while rotating the eccentric very slowly 
by hand. A more accurate measurement may be 
made by attaching a mirror to the rocker arm 
and observing the angular deflection of the arm 
using a telescope and scale. 

It is desirable to be able to adjust the magni- 
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tude of damping of the oscillations. This damping 
is accomplished by eddy current damping arising 
from the motion of the disk through the non- 
uniform magnetic field of an electromagnet as 
shown in Fig. 1. The magnet consists of a soft 
iron yoke, 4 in. by 2 in. cross section with two 
gaps of about } in. A coil consisting of 2500 


turns of No. 23 wire provides the excitation. 


EQUATION OF MOTION 


We define a to be the angle of the rocker arm 
with respect to its equilibrium position and @ 
to be the angle of the disk relative to the equi- 
librium angle of the disk when a is zero. Let 7 be 
the torsion constant of the wire, c, the damping 
constant of the system, J, the moment of inertia 
of the disk and t¢, the time. We then have the 
following equation : 

@@ cd@ +r ff 
+-0=-a. 

g Ff 


sentliin xine 
dt? Idt 


If we now insert the value of a using the equation 
a=B sino, 


where w is the angular driving frequency, and B 
is the amplitude, then we obtain the general 
solution as follows: 


6= Ae“?! sin (wit +¢) 
B 


| 
{(1 — (w/wo)? P+[ew/ Iwo? P}} 


In this equation: 


wo=V (1/L) 
w1 = {wo? — (c/2I)?}} 
tanéd= —cw/Iwe?[1 — (w/wo)? J. 


A and ¢ are, respectively, the amplitude and 
phase of the transient as determined by the 
boundary conditions. 

The second term displays "the usual steady- 
state resonance phenomena. It will be noted 
that for frequencies below resonance, the phase 
of motion of the disk lags behind the phase of the 
driver by an amount lying between 0° and 90°. 
At exact resonance, the phase lag is 90 degrees 
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and approaches 180° lag at increasingly higher 
frequencies. 

The ratio of the amplitude at resonance to the 
amplitude at zero frequency is called the Q and 
is given by the expression: 


Q=Iw9/c. 


This quantity is analogous to the quantity bear- 
ing the same symbol in electrical oscillations. 
In addition to a measurement of the ratio of 
amplitudes, the value of Q may be determined in 
three other ways. If wz and wy are designated as 
the frequencies for which the steady-state oscil- 
lations take on the value 1/v2 times the ampli- 
tude at resonance, then the following equation is 
approximately satisfied : 


(wx — wz) 


=1/Q. 


Wo 


From the equations above we see that w,; and 
wx are also the values of the frequency for which 
@ takes on the values —45° and —135°, respec- 
tively. Hence, the Q may be determined using 
the same equation using the values wy and w , 
determined from the phase diagram. 

The remaining method of measuring the Q 
is by the determination of the exponential damp- 
ing constant. The time constant is given by the 
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Fic. 2. Phase and amplitude curves as a function of fre- 
quency for four values of current in the damping electro- 
magnet. J=0.056, 0.131, 0.260, 0.420 amp. 
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_ Fic. 3. Transient decay curve for two values of current 
in the damping electromagnet. J=0.056, 0.131 amp. 
Logarithm of relative amplitude is plotted as a function 
of time. 


value 2Q/wo. It is possible in some cases to 
measure all the quantities involved and hence 


TABLE I. (a) Q values measured by four methods for a 
current of 0.131 amp in damping electromagnet. (b) The 
results of three methods of determining the resonant 
frequency. 


Estimated 
probable error 


Method Value 


(a) Measured Q values 


Amplitude ratio 
Half power points 
45° phase points 
Time constant 


49.7 
$1.3 
50.3 
48.0 


49.8 
(b) Determination of resonant frequency 


4.975 cps 
4.973 
4.983 


Mean 


Position of amplitude peaks 
Zero phase 
Beats 


Mean 


obtain four values for the Q under a given 
damping condition. 


RESULTS 


In Fig. 2 we see the phase and amplitude 
curves as a function of frequency for four values 
of current in the damping electromagnet. The 
shapes of the curves are those calculated from 
the theory. 

Figure 3 shows an exponential decay plot 
which was taken by making repeated observa- 
tions on the time required for the pendulum to 
decay from a chosen large value to various 
lower values. 

Table I gives the results of the four methods 
of measurement of Q for a chosen magnet cur- 


rent setting. The agreement is about as good as 
may be expected for this group of measurements. 
The maximum deviation of any single measure- 
ment from the mean is about 4 percent. 

Since the damping is provided by eddy cur- 
rents, it is expected that the damping will be 
proportional to the square of the magnetic field. 
strength. Hence if the magnetic field is a linear 
function of the magnet current, one would ex- 
pect the Q to vary inversely with the square of 
the magnet current. Thus: 


1/Q—C+ KP, 


where Cp is a constant resulting from the residual 
damping with no current, K is a proportionality 
constant, and J is the magnet current. The re- 


° 05 
(Mognet Current - Amps}* 


Fic. 4. 1/Q plotted as a function of the square 
of current in the damping electromagnet. 


sults of the measurement of Q at various currents 
is shown in Fig. 4. It is seen that the linear rela- 
tion does apply. Although the scale of this figure 
does not display it, the constant Cy may be ac- 
curately determined. 

Because the Q without damping is very high 
(about 600), a transient may be maintained for 
a long time. If the driving frequency is different 
from the natural frequency, the transient will 
‘“‘beat’”’ with the driving frequency, and the beat 
frequency will be the difference frequency be- 
tween the natural and the driving frequencies. 
Because of this, it is possible to obtain an ac- 
curate measurement of the natural frequency 
simply by measuring the number of beats simul- 
taneously with the driving frequency. The ulti- 
mate accuracy of this measurement is limited by 
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the frequency variation of the 60-cycle line. 
Typical observations of the resonant frequency 
are also shown in Table I. 

The apparatus as described above has been 
in use in our laboratory for several years. During 
this period, it has functioned well and required 
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little attention. It has proven itself very useful 
in developing student initiative and curiosity. 
This experiment has served to develop the stu- 
dent’s ability to perform experiments and analyze 
experimental results as well as to teach the funda- 
mental characteristics of forced oscillations. 


Reproductions of Prints, Drawings, and Paintings of Interest in the History of Physics 
54. The Invention of Spectacles 


E. C. Watson 
California Institute of Technology, Pasadena, California 


(Received July 27, 1953) 


The invention of spectacles can be dated very approximately by their appearance in early 
paintings. The history of this invention is here briefly sketched and some of the early paintings 


in which spectacles appear are reproduced. 


LTHOUGH the ancients were apparently 
more familiar with optics than with any 
other branch of physics, and although mirrors 
and burning glasses are very old and the magni- 
fying power of such glasses was observed quite 
early, it may safely be said that the lens as an 
optical instrument was practically unknown up 
to 1270 A.D. The question of whether the ancients 
had any knowledge of the theory and use of 
dioptric instruments, such as lenses, telescopes, 
and microscopes, has been examined exhaus- 
tively by Professor THOMAS HENRI 
MARTIN, Dean of the Faculty of Letters of 
the University of Rennes, and his conclusion is 
definitely a negative one.! 

There is good reason to believe that spectacles 
were invented in Italy near the end of the 
thirteenth century (1285 A.D. or thereabouts). 
Their inventor was most probably SALVINO 
D’ARMATO DEGLI ARMATI of Florence, 
who died in 1317. The evidence for this as 
summarized by E. WILDE, CHARLES 
SINGER, and GEORGE SARTON? is as follows. 

1 Bullettino di bibliografia e di storia delle scienze 
matematiche e fisiche, 4, 165-238 (Rome, 1871). A digest 
in English of this important paper will be found in Origin 
and Development of the Microscope, by Disney, Hill, and 
Baker (London, 1928), pp. 43-65. 

2E. Wilde, Geschichte der Optik (Berlin, 1838-1843), 
pp. 94-96; Charles Singer, ‘‘Steps leading to the invention 
of the first optical apparatus” in his Studies in the History 
and Method of Science(Oxford, 1921), Vol. II, pp. 398-400; 


George Sarton, Introduction to the History of Science, 
(Baltimore, 1931), Vol. II, pp. 1024-1027. Unfortunately, 


1. The naturalist, poet and scholar, FRAN- 
CESCO REDI,? (1626-1697) published in 1678 


Fic. 1. Portrait of Cardinal Ugone di Provenza. Fresco 
by Tommaso Barisino of Modena (1352) in the Gothic 
church of San Niccolo, Treviso, Italy. 


I have not had access to the original sources which these 
authorities cite. 

3 It is usually stated that Redi was the first writer to 
discuss the invention of spectacles; however, see E. Rosen, 
in Isis, 44, 4-10 (1953). 
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and again in 1690 a manuscript dated 1289 in 
which was the following passage: ‘I find myself 
so pressed by age that I can neither write nor 
read without those glasses they call spectacles, 
lately invented, to the great advantage of poor 
old men when their sight grows weak.” 

2. BERNARD DE GORDON, a physician 
at Montpellier, in his Lilium medicinae (1303), 
in recommending an eye-salve, says “It is of 
such great virtue that it will make an enfeebled 
old man read tiny letters without spectacles.” 

3. GIODANO DA RIVALTO, a Dominican 
friar of Pisa, in a sermon delivered on Februrary 
23, 1305, said that “it is not twenty years since 
there was discovered the art of making spectacles 
to see better, one of the best and most necessary 
of arts. . . I have myself seen and spoken to 
the man who first discovered and made them.” 
(In the 1729 edition of the Dictionary of the 
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Accademia della Crusa, 
Occhialt.) 

4. A Latin chronicle of 1313, or thereabouts, 
which was originally in the library of the monas- 
tery of St. Catharine at Pisa, but which is now 
lost, stated that ‘‘Brother Alexander of Spina, a 
modest and good man, knew how to make 
anything which he had seen or heard of. He 
made spectacles, which had been previously 
made by someone who was unwilling to com- 
municate his knowledge while he himself was 
only too glad and willing to do so.” 

5. An epitaph in the church of Santa Maria 
Maggiore in Florence reads as follows: ‘‘Here lies 
Salvino d’Armato degli Armati of Florence, 
inventor of spectacles. May God pardon his 
sins. Anno D. MCCCXVII.” This tablet, which 
was originally in the cloister of the church, 
disappeared for a while, but was later found in 
the chapel. 


under the heading 


Fic. 2. ‘‘The Madonna of Canon van der Paele” by Jan van Eyck (1436). 
Municipal Museum, Bruges, Belgium. 





INVENTION OF SPECTACLES 


The first spectacles may have consisted of two 
lenses suspended by pieces of leather from a cap. 
The form with which we are now familiar 
probably dates from the early fifteenth century.‘ 

After their invention the use of spectacles 
spread slowly over Europe. This can be demon- 
strated by a study of old paintings as well as 
in other ways. It is said that an eye-glass can 
be seen in a picture of the Giotto school, painted 
about 1350, which was in the Figdor Gallery at 
Vienna, but I have been unable to trace this 
painting. However, a portrait of CARDINAL 


Fic. 3. Canon Georg van der Paele (Detail from Plate 2). 


UGONE DI PROVENZA, painted on the wall 
of the church of San Niccolo at Treviso, Italy, 
in 1352, has survived and clearly shows a pair 
of spectacles (Fig. 1), as does the ‘‘Madonna of 
Canon van der Paele’”’ executed by JAN VAN 
EYCK in 1436. This fine painting, which is here 
reproduced as Figs. 2 and 3, now hangs in the 
Municipal Museum, Bruges, Belgium. Other 
early paintings of note in which spectacles or 
eye-glasses are clearly depicted are an altar 


4Giacento Amati, Ricerche storico-critiche scientifiche 
sulla origini, scoperte, invenzioni (Milan, 1829-1830), 
Vol. 4, pp. 145-146. 


Fic. 4. Altar screen by Michael Wohlgemuth in the 
Gothic church of St. James in Rothenburg-ob-der-Tauber, 
Germany. 


Fic. 5. ‘Portrait of a Clergyman” by Quinton 
Massys (ca 1512). Liechtenstein Gallery, Vienna. 





Fic. 6. Portrait of Pope Leo X by Raphael (1518). 
Pitti Palace, Florence. 
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screen by MICHAEL WOHLGEMUTH (1434- 
1519) in the church of St. James in Rothenburg, 
Germany (Fig. 4), the ‘Portrait of a Clergyman”’ 
painted by QUINTEN MASSYS about 1515, 
which was in the Liechtenstein Gallery at 
Vienna (Fig. 5), and the portrait of Pope Leo X 
painted by RAPHAEL in 1517 or 1518, which 
is now in the Pitti Palace, Florence, Italy 
(Fig. 6).5 Other interesting examples of early 
paintings, illuminated letters, tiles, etc., in which 
spectacles appear, are reproduced in Madame 
ALFRED HEYMANN'S beautiful work, Lunet- 
tes et Lorgnettes de Jadis.* From 1520 onward the 
appearance of eye-glasses in pictures is fairly 
common, and the engraving reproduced in the 
49th of this series’ makes it clear that spectacles 
were in general use in Europe before 1600 and 
that the southern part of the Netherlands was 
one of the chief centers in which they were made. 


5 Charles Singer is authority for the statements that the 
lens in this painting is concave and that Leo X was a 
myope. See reference 2, p. 400 

6 Paris, 1911. As only 300 copies of this fine work were 
published, it is quite rare. I am indebted to the John 
Crerar Library for the loan of their copy. 

7E. C. Watson, Am. J. Phys. 20, 578 (1952). 


The Tape Recordings of Important Speeches 


BY 


E. U. Connon, K. K. Darrow, E. FERMI, AND J. C. SLATER 


Free tape recordings are available on loan to members 
of the Association who wish to use them for presentation 
to classes, seminars, or science clubs. The subjects are 
four of the six lectures presented as a Symposium on 
Physics Today at the Twentieth Anniversary meeting of 
the American Institute of Physics, Chicago, Illinois, on 
October 25, 1951, as follows: 


. The atom. E. U. Connon. 

Physics as science and art. K. K. DARROW 
The nucleus. E. FERMI. 

The solid state. J. C. SLATER. 


Recordings are now available in two forms: 


1. Double track. Each speech is complete on one reel, 
which must be played at 3? inches per sec. No re- 
winding is necessary. Track No. 1 is played to the 
end, then the reels are reversed (and turned over) to 
play track No. 2. This procedure rewinds the tape 
into its original condition. 


2. Single track. Two 7-inch reels are required for each 
address. They must be played at 7} inches per sec, 
and, of course, rewound to restore them to their 
original condition. 


Requests for recordings should be made to THomas H. 
Oscoop, Editor, American Journal of Physics, Michigan 
State College, East Lansing, Michigan. To allow some 
flexibility in scheduling, a request should specify a pre- 
ferred date and two alternative acceptable dates, as well 
as the type of recording (single or double track, or either). 

No charge is made for the loan of recordings. The bor- 
rower is expected, however, to pay the return postage to 
the Editor’s office or to any other address the Editor 
specifies. Transportation is to be by first class mail, special 
delivery, which will cost less than one dollar per reel at 
present rates. Reels will be mailed in convenient reusable 
boxes. 

Prospective borrowers may consult the published papers 
in Physics Today, November, 1951, January, 1952, and 
March, 1952. 





A Coordinated Program for Teachers of Chemistry and Physics* 


E. G. RocHow 
Department of Chemistry, Harvard University, Cambridge, Massachusetts 


(Received Februrary 18, 1953) 


While many programs are suggested for extending the instruction in physics for engineers and 
specialists, much remains to be done in adapting the introductory general courses to today’s 
extended requirements. A program of reciprocity or coordination of subjects is suggested, 
particularly between elementary courses in chemistry and physics. 


NDERGRADUATES usually begin their 

study of chemistry simultaneously with, 
or perhaps a little earlier than, their study of 
physics. Many of the same difficulties, such as 
poor practicing proficiency in mathematics, 
hinder instruction in both sciences, and hence 
chemists may profit equally well from the dis- 
cussions of this meeting. At the same time, the 
growing requirements of introductory courses 
in both sciences require that some mutually 
advantageous distribution of subjects be 
achieved. There is so much to be gained from a 
moderate amount of such coordination that I 
hope every member of the American Association 
of Physics Teachers will bear some of the 
chemists’ opinions in mind. 

To begin with, elementary laboratory opera- 
tions in chemistry require a good working 
knowledge of the gas laws, based on an under- 
standing of molecular motion and equipartition 
of energy. These subjects must be taken up in 
the course in chemistry and I see no need to 
take them up in elementary physics as well. 
Similarly, the application of kinetic theory to 
vapor-liquid and vapor-solid transitions is vital 
to chemistry and need not be treated in physics. 
Even most elementary aspects of the solid state, 
such as crystallinity and the structure of common 
solids, could be left entirely to chemistry. 

On the other hand, every teacher of introduc- 
tory chemistry regrets the time necessary to 
teach the elementary meaning of the words 
coulomb, ampere, volt, and ohm to his students. 
Modern presentation of oxidation-reduction phe- 
nomena, based on standard oxidation potentials, 


*Part of a Round Table Discussion upon ‘Physics 
Beyond General Physics for Non-Physics Majors,” given 
at the twenty-second annual meeting, American Associa- 
tion of Physics Teachers, Cambridge, Massachusetts, 
January 22, 1953. 


makes it absolutely necessary that the student 
understand the electrical measurement of elec- 
tron transfer, and yet the preparation in funda- 
mental electrical units and operations is often 
very poor. Those students who take first courses 
in chemistry and physics simultaneously would 
be helped by an early and thorough treatment of 
these principles, especially if they can be made 
to see beyond electrical machinery and elec- 
tronics. For those students who take chemistry 
first, perhaps the association could use its 
influence to have a more thorough treatment of 
these principles in high school. 

While we are on the subject of high schools, | 
think that the teachers of chemistry and physics 
should join forces to improve the mathematical 
ability of the high school graduate, not in the 
extent or depth of algebra or trigonometry, but 
in the use of elementary mathematics outside the 
mathematics classroom. Plain, practical arithme- 
tic should pervade the study of economics, civics, 
and natural science; the quantitative aspects 
of these subjects are no less important than those 
of chemistry, nor much different in relative 
complexity. The student’s arithmetic gets rusty 
through a purely artificial disuse, to everyone's 
later disadvantage. ’ 

To go further into the logical division of 
subjects between physics and chemistry, it 
would be very helpful if some of the time made 
available by omitting the gas laws from college 
physics were devoted to the description and 
explanation of thermionic emission. The concept 
of ionization potential, so important to the 
consideration of electronegativity of the ele- 
ments, depends completely upon it. Moreover, 
sO many instruments now commonplace in 
chemistry depend on a thermionic source of 
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electrons that even elementary instruction 
becomes difficult without an understanding of 
this basic principle. Even the mass spectrograph, 
with which the atomic weights used in the first 
weeks of introductory chemistry are obtained, 
depends entirely upon thermionic emission. 
Lastly, some sensible division of fundamental 
nuclear physics and chemistry is necessary if 
either course is to have sufficient time for the 
important applications. I should like to suggest 
that the elementary design and operation of 
accelerators and nuclear reactors is properly 
within the domain of physics, but the nuclear 
reactions that lead to new or different elements 
belong to chemistry. If a course in chemistry 
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must take up accelerators as well as nuclear 
reactions, the applications of both will get short 
treatment. Similarly it is bad pedagogy to allow 
students to use a Geiger-Miiller counter in 
experiments on chemical separations without 
their understanding the principles of operation ; 
if these principles are not covered in physics, 
they must be taken up in chemistry at the 
expense of subjects like radiochemical tracers. 

The time has passed, then, when introductory 
physics must teach everything. I am_all for 
leaving the study of practical mechanics to 
engineering and suggest further that an operat- 
ing understanding be reached with introductory 
chemistry as well. 


Physics for Students of Electrical Communication* 


R. B. ADLER 
Department of Electrical Engineering, Massachusetts Institute of Technology, Cambridge, Massachusetts 


(Received Februrary 5, 1953) 


The physics background of a student preparing for work in communication engineering is 
outlined and assesed. The parts which the postulational viewpoint from mathematics, its 


application to and abstractions from modern physics can play in his training are evaluated. 


URING at least the last ten years, the 
pressure toward transferring information 
over a wider range of frequencies, over in- 
creasingly long distances, with more severe 
restrictions upon band width, using equipment 
of decreasing size and power consumption, has 
forced the electrical engineer interested in com- 
munication into fields formerly considered the 
physicist’s domain. This ‘‘encroachment’’ has 
not been unilateral. Some physicists have moved 
oppositely, certainly under pressure of war, and 
even occasionally quite voluntarily, into jobs 
normally considered parts of electrical engineer- 
ing. The ‘‘communication engineer” who has been 
out of school ten years or more has suffered two 
jolts as a result of this cross-diffusion. First, 
he has had to cope with problems requiring 
essentially a physics and mathematics back- 
*Part of a Round Table Discussion upon ‘Physics 
Beyond General Physics for Non-Physics Majors,” given 
at the twenty-second annual meeting, American Associa- 


tion of Physics Teachers, Cambridge, Massachusetts, 
January 22, 1953. 


ground absent from his earlier school training. 
Secondly, he has watched the physicists and 
mathematicians propose, solve, and implement 
new problems leading to new techniques in the 
communication field. Even if this engineer were 
to give up all hope of generating new funda- 
mental communication ideas (and no such 
suggestion is intended here), he would still have 
to run at full speed just to keep up with the 
microwave, statistical, digital, electron-beam, 
gaseous, and solid-state techniques handed to 
him as new tools with which he must implement 
future ideas. 

From the point of view of an undergraduate 
college engineering program, the situation indi- 
cated above creates a dilemma: more of special- 
ized ‘‘engineering’’ courses which prepare 
students to enter quickly the various sub- 
divisions of this expanded ‘‘communication” 
field ?—or a less specialized, more fundamental, 
background giving the student the flexibility and 
confidence with which to tackle any one of a 
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broad class of problems later? There seems to be 
a growing trend among engineering teachers 
toward favoring the latter procedure, provided 
that the aim of the education is to produce men 
who will be major contributors to their ultimate 
areas of choice. The reasons for this trend are 
many and varied, and need not be elaborated too 
greatly here. It is helpful, though, to point out 
again the rather remarkable success attained by 
physicists and mathematicians in contributing 
fundamentally and practically to radar, statisti- 
cal techniques of communication and control, 
digital computer principles, and electronic de- 
vices for the generation and amplification of 
signals. It is quite probable that a certain 
flexibility of mind, and a willingness to develop 
new intuitions for matters quite far outside the 
scope of daily experience, are at present attri- 
butes more peculiar to the physicist and mathe- 
matician than to the engineer. Must it be 
assumed that this circumstance reflects merely 
a simple difference in intelligence or quality of 
mind? If not, then it behooves us to consider 
what background is most suitable for one 
planning to undertake work in the expanding 
communication field—regardless of what title he 
may wish to adopt. On this basis, it appears that 
the postulational thinking of mathematics and 
the combination of it with the abstractions of 
modern physics represent appropriate disciplines. 
It may well be that the notion ‘‘what is ‘physi- 
cally obvious’ must be true’’ bears examination 
and criticism as early in the training program as 
practicable. Thus it should be possible to teach 
even classical physics against the background of 
the modern abstract-postulational viewpoint by 
repeatedly subjecting the classical picture of 
“reality” to the sharp criticism of the modern 
eye. In this way, the spirit of modern physics may 
be instilled even before the details can be 
revealed. Such a shift of emphasis in the teaching 
of early physics, followed later by some actual 
view of the specific accomplishments of modern 
physics, can produce an unconscious change in 
the student’s attitude toward his own field which 
is much more significant to his later performance 
than would be guessed from the scope or detail 
included in the specific modern physics topics 
chosen. 


When to the foregoing points is added the 
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fact that an increasing number of really funda- 
mental physical measurements must be made 
using advanced electrical techniques common to 
the communication field, it becomes even clearer 
that some modern physics itself (in addition to 
its spirit) should be included in the communica- 
tion curriculum. The question is, of course, what 
part of ‘‘modern physics,’”’ and how can it be 
fitted into the program? The second part of this 
question always raises the bugaboo of mathe- 
matics. Fortunately, the mathematics question 
has already arisen in connection with both 
network theory and electromagnetic field theory. 
At MIT the bugaboo is disposed of by requiring 
of all electrical engineering students a first-term 
junior course in Advanced Calculus forEngineers, 
and by requiring also the second term of the 
same junior subject for students of communica- 
tion and control. Oddly enough, this two-term 
sequence coincides precisely with the mathe- 
matics required of physics majors—in spite of 
its title. Such a decision on the part of the 
engineering department leaves the question of 
how much physics its students should take a 
matter of choice; not of mathematical (or lack 
of it) necessity. The remaining problems of 
“physics for communication engineers” are all 
of a detailed nature, since in principle the way 
is open from none to as much as is required of 
any physics student. 

As a matter of fact, at present the first two 
years of physics for all electrical engineers 
at MIT coincides with that for physicists. 
This two-year sequence does not include any 
modern physics at all. At the moment, the 
question is being studied of whether to include 
geometric optics and omit simple kinetic theory, 
or omit the former and include the' latter. In 
any case, calorimetry and thermodynamics are 
definitely not treated extensively. 

In the junior year, the communication students 
take first a one-term course in thermodynamics, 
kinetic theory, and statistical mechanics. It 
includes material on fluctuations and transport 
phenomena which is omitted from the corre- 
sponding course for physics majors. In the second 
term, a subject in physical electronics appears. 
This course is now taken jointly by physics and 
communication students. It includes special 
relativity in both particle dynamics and the 
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electromagnetic field equations, space-charge 
phenomena in vacuum, electronic processes in 
gas discharges and electrons in metals. 

Thus while the communication major actually 
has a full three-year physics sequence, the almost 
complete omission of atomic physics and other 
topics of modern physics is quite apparent and 
not necessarily desirable. 

Inasmuch as the students take applied 
mechanics from the mechanical engineering 
department (two terms in the second year), and 
considerably more static and dynamic field 
theory from the electrical engineering depart- 
ment (in the senior year), it appears that more 
modern physics could be worked into the three- 
year physics sequence. For example, the second 
year of physics for all departments other than 
those of Physics and Electrical Engineering does 
include almost a full term on atomic structure and 
selected topics in modern physics. There seems 
to be no strong reason why some sacrifice of 
classical mechanics, electricity, and field theory 
could not be made in the first two years, to 
accomplish a similar end for communication 
students. In addition, of course, the third year 
of physics could then probably be reoriented to 
include more atomic structure and a greater 
emphasis on quantum ideas and quantum 
statistics than has been possible up to the present 
time. 

Relieved, to some extent, by the engineering 
departments of its responsibility for the teaching 
of techniques in the solution of applied mechanics 
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and classical field-theory problems, and aided by 
three concurrent years of mathematics, it is 
very probable that the physics department can 
include in the available three-year physics 
sequence a substantial amount of the spirit, if 
not much of the detail, of modern physics. It is 
this spirit and point of view which the communi- 
cation engineer must find in school if he is to 
face his “‘own”’ problems of the future. There is 
little question that the physics department can 
bring this point of view to the students, and that 
they are, as a general matter, the most qualified 
to do so. The big hump which must be eliminated 
is that faced by a man who has had only the 
classical point of view built into his education, 
and who is suddenly faced with electrical or 
magnetic properties of matter for which only 
quantum ideas can give even a qualitative ex- 
planation. If this hump occurs for the first time 
in graduate school—or, even more seriously, 
after leaving school—there are surprisingly great 
obstacles raised, in the form of psychological 
deterrents, which steer such a man away from 
problems where he could otherwise be active, 
just because no sympathy or intuition for such 
matters has been developed earlier at school. A 
most important function of physics courses for 
communication engineers is the removal of this 
almost philosophical background gap; the need 
to do so cannot be postponed into the vague 
future in so far as communication engineering 
is concerned—the danger is ‘‘clear and present” 
now. 
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Without any doubt, we possess the world’s most highly developed technique of combining 
the efforts of large numbers of scientists and large quantities of money towards the realization 
of a single project. This should not lead us to any undue complacency concerning our scientific 
position, for it is equally clear that we are bringing up a generation of young men who cannot 
think of any scientific project except in terms of large numbers of men and large quantities 
of money. The skill by which the French and English do great amounts of work with appa- 
ratus which an American high-school teacher would scorn as a casual stick-and-string job is 
not to be found among any but a vanishingly small minority of our young men. The present 
vogue of the big laboratory is a new thing in science. There are those of us who wish to think 
that it may never last to be an old thing. When the time comes at which the scientific ideas 
of this generation are exhausted, or at least have come to show vastly diminishing returns 
on their intellectual investment, I do not see the prospect that the next generation will be 
able to furnish the colossal ideas on which colossal projects naturally rest—NORBERT WIENER, 
The Human Use of Human Beings (Houghton Mifflin, Boston, 1950), pp. 138-9. 
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Physics for Non-Physics Majors in Chemical Engineering* 


Harotp C. WEBER 
Department of Chemical Engineering, Massachusetts Institute of Technology, Cambridge, Massachusetts 


(Received Februrary 18, 1953) 


Some shortcomings of physics instruction from the standpoint of the chemical engineer are 
noted. Suggestions for improvement in the educational process include the discussion of approxi- 
mate quantitative solutions to complex problems and the application of more imagination to the 


processes occurring. 


FOREWORD 


ANY years ago, I attended a meeting of 

the Association of Physics Teachers, at 

that time as a guest of my physics instructor at 
the secondary school I was attending. This man 
was from that type of pioneer stock which seems 
to be so rapidly disappearing today. His father 
had operated a salt-producing establishment 
down on Cape Cod. The process consisted 
primarily of wetting the piles of branches from 
small trees with ocean water and allowing the 
sun to bring about evaporation. The crust of 
salt which formed on the twigs was then shaken 
off and put through simple crystallization 
processes for a minor amount of purification. 
Evidently my instructor had inherited from his 
ancestors an unusual amount of common sense, 
practical experience, and ability to think and 
speak clearly and precisely, since he himself 
had had little more than a high-school education. 
He was a strict teetotaler, and when I had him, 
was fairly well along in years. He worried 
occassionally as to what his reputation would be 
if he died suddenly and his successors found in 
his laboratory the miscellaneous collection of 
wine and whiskey bottles, rope, and odd-shaped 
pieces of wood which he used repeatedly in his 
illustrations of the laws of physics. I probably 
never had an instructor whose teaching ability 
| admired more than I did this man’s. The 
physics I learned from him I have never forgot- 
ten, and indeed it has served as a broad, strong 
foundation on which has been built whatever 
additional knowledge in the field of physics I 
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have acquired since that time, now well over 30 
years ago. It will be fruitful to examine his 
methods of presentation from the point of view 
of what, it seems to me, is desirable in the way 
of physics instruction for those specializing in 
the field of chemical engineering. 


UTILITY OF PHYSICS TO CHEMICAL ENGINEERS 


Much of chemical engineering consists of 
physical principles applied under conditions 
where the data are incomplete. Somewhat in 
contrast to the scientist, often the engineer 
must give an answer, based on incomplete 
or even scanty data. He must train himself 
in the free use of approximations and rough 
correlations, the uncertainty in his results being 
offset as far as possible by the inclusion of 
so-called safety factors. However, in every case 
the safety factor must be held to the smallest 
possible value consistent with certain operation. 
This requires a keen sense of judgment which is 
usually acquired only after considerable practical 
experience. A good example of the problem faced 
by the chemical engineer is offered by his 
methods of, I would say calculating, but you 
would say roughly estimating, the vapor-liquid 
equilibria for a system made up of material such 
as gasoline. Certainly, thousands of different 
compounds are present in the gasoline. It is 
bad enough when one realizes that the calculation 
techniques which will be used are for the most 
part graphical approximations involving the 
assumption that but 4 or 5 compounds are 
actually present. In such a situation, the engineer 
is not only leaning on an approximate method of 
calculation, but at the outset must decide what 
mixture of 4 or 5 hydrocarbons, when mixed in 
the right proportions, will most closely duplicate 
in physical characteristics the gasoline sample 
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in which he is interested. This would almost seem 
like compounding approximation on approxi- 
mation, and yet, rough as it is, plants costing 
millions of dollars were designed, built, and 
satisfactorily operated based on calculations of 
this nature. Do not misunderstand me—where 
precise and complete data are available and 
where their use is economically practical, the 
chemical engineer does not fail to take advantage 
of the extra certainty resulting from their use. 
Thinking of this type requires the use of more 
than ordinary in the way of imagination, 
originality, and the ability to picture clearly 
what is occurring. To assist in his analysis, the 
engineer repeatedly reduces complicated situa- 
tions to more simple mechanical, and sometimes 
electrical models. The modern use of electrical 
analogs involving vacuum tube circuits to study 
and understand such common chemical engineer- 
ing unit operations as distillation and heat 
transfer is an example of what I have in mind. 


SHORTCOMINGS OF PHYSICS INSTRUCTION 


I believe that much physics instruction is 
subject to at least two shortcomings. The first 
of these is the failure clearly and emphatically 
to point out to the student the limitations to 
which the solution of the problem in question 
has been subjected. For example, in the study 
of levers, mention should certainly be made of 
the fact that reversible operation is assumed, 
particularly the assumption that the lever 
operates on a frictionless fulcrum. The second 
shortcoming arises because the physicist is 
prone to dislike the approximations required in 
the solution of a practical problem, and often 
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leaves the student with the impression that the 
exact quantitative solution is the primary de- 
sired end, with the result that the student may 
well become entirely confused when confronted 
with problems, the solutions to which involve 
inexact, and oftentimes highly qualitative, 
methods. Not being a mathematician myself, 
I feel that much physics instruction loses in zest 
and glamour by too strict and complete an 
application of mathematical principles. 


SUGGESTIONS 


My suggestions are simple: (a) Spend more 
time studying problems where only an approxi- 
mate quantitative solution is possible and do 
not fail to point out any simplifying assumptions 
made. (b) Spend considerable time discussing 
problems where qualitative answers and con- 
siderable imagination are required. Good ex- 
amples of these are: “‘What kind of a picture 
correctly fits the facts so far known for the con- 
dition existing within a liquid or a solid?” or 
‘What really is going on at the interface between 
a liquid and a vapor?” 


CONCLUSIONS 


To me, my old physics teacher was a good 
instructor; first, becuase he used simple, easily 
understood apparatus, mostly home-made, the 


limitations of which were evident; second, 
because his explanations were always in terms 
of readily understood everyday experiences; 
third, because he did not hesitate to offer qualita- 
tive explanations and homely mechanical an- 
alyses for the more complicated problems he 
probably was incapable of solving quantitatively. 


Taylor Memorial Laboratory Manual 


The Taylor Memorial Manual Committee again reminds 
members of the Association that contributions to the pro- 
posed Memorial to Lloyd William Taylor are solicited. 
Advanced undergraduate laboratory experiments in mod- 
ern physics and in all branches of classical physics are 
desired. The response to date by members has been dis- 
appointing, although many individuals undoubtedly have 
ideas for new experiments and for modifications of well- 
known laboratory exercises, which should be brought to 
the attention of the Committee. At the Council meeting, 
January 22, 1953, the Committee was instructed to prose- 
cute the matter vigorously. 

Suggested experiments and new laboratory techniques 
may be addressed to the Chairman, or to any member of 


the Committee. The immediate need is for a large number 
of suggestions and ideas upon which the Committee may 
begin its process of selection and editing. Why not put 
your favorite laboratory experiment into writing? Very 
possibly it represents the exact technique or device for 
which others have been searching without success. 


T. B. Brown, George Washington University 
(Chairman) 
J. D. ELpErR, Harvard University Press 
Tuomas H. Oscoop, Michigan State College 
R. R. PALMER, Beloit College 
DuANE ROLLER, Hughes Research and 
Development Laboratories 
C. W. SHERWIN, University of Illinois. 





Physics for Engineers* 


Joun A. HRONES 
Department of Mechanical Engineering, Massachusetts Institute of Technology, Cambridge 39, Massachusetts 


(Received Februrary 5, 1953) 


The role that courses play in modern engineering curricula is discussed in the light of a very 
rapid development in the so-called engineering sciences. The importance of basic training in 
modern physics for the engineer is discussed. It is strongly recommended engineering students 
be taught physics by a physics department which is actively contributing to knowledge in the 
field of physics rather than to follow what appears to be a trend of having physics taught to 


engineering students by engineers. 


HYSICS is the broad base upon which all 
engineering courses are built. It is taught 
in the physics department and in all engineering 
departments although most physicists deny that 
any engineer can really know physics, and many 
engineers believe that the physicists do not teach 
anything that is usable. 
In this discussion I think the three following 
factors are essential to designate the character 
of the subjects concerned: (1) subject matter, 


(2) teaching personnel, and (3) character of 
laboratory. 


THE SUBJECT MATTER 


An investigation of what is included in the 
usual course in ‘‘General Physics” indicates that 
the term denotes a level of student maturity, a 
teacher attitude, and a laboratory objective 
rather than subject matter covered. Courses in 
“General Physics’”’ can and often do include the 
following material. 


mechanics of particle and rigid body 
fluid mechanics 

thermodynamics 

elasticity 

electricity and magnetism 
electronics 

optics 

acoustics 


Classical 
physics 


solid state and structure of matter 

nuclear physics 

kinetic theory of gases and statistical 
mechanics. 


Modern 
physics 


* Part of a Round Table Discussion upon ‘Physics 
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At the so-called ‘‘General Physics’’ level, they 
are often discussed without the use of calculus 
with some few exceptions where the high caliber 
of entering students makes possible the teaching 
of calculus during the first two years. Such 
courses in general physics vary in length from 
one to two years. Ordinarily, laboratory work 
is included with the general objective of demon- 
strating the basic principles presented in the 
lecture. Thus, “General Physics’’ denotes sub- 
jects which include some or all of the topics 
listed above, taught at the freshman-sophomore 
maturity level, with limited laboratory exercises 
aimed at giving physical reality to the principles 
of physics, and taught by men who realize that 
most of their students are not physics majors. 

For engineering students certain items of the 
subject matter are dealt with in some detail and 
to considerable depth in the so-called engineering 
science subjects: Applied Mechanics, Fluid 
Mechanics, Thermodynamics, Heat Transfer, 
Properties and Behavior of Materials. During 
the last twenty years a tremendous change has 
taken place in the character of these subjects. 
They have become more basic in nature, empha- 
sizing principles and methods of thought rather 
than details of construction or operation of 
specific equipment. They are being taught by 
engineers who are carrying the major burden of 
research work in these areas. Because of this 
strong treatment given engineers, there is no 
compelling motive for the engineering student to 
take additional physics beyond the first two 
years in these areas certainly not at the under- 
graduate level and, probably in general, not at 
the graduate level. 
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In the area of electricity, magnetism, and 
electronics, there is weakness in all engineering 
fields except electrical engineering. However, 
here again the manner in which these subjects 
are being taught in electrical engineering depart- 
ments, the great research contributions being 
made by electrical engineers, indicate that 
strengthening of this subject area for nonelec- 
trical engineering students should be via the 
electrical engineering department. This is a 
problem which needs serious consideration. 

The role of physics instruction above the 
elementary level where, I believe, physicists can 
make their major contribution to engineering 
education is in strengthening the treatment of 
modern physics, the area of interest where most 
physicists are doing their research work and where 
engineering departments are neither competent 
nor interested in teaching. Many developments 
in the years to come, which will have great 
significance in engineering, will have their roots 
in fundamental ideas now being taught under 
the name of ‘‘modern physics.”’ Engineering 
students should be acquainted with such ideas 
at a respectable maturity level. 

The problem of providing the necessary time 


to do this in a four-year engineering program 
is a real one. Some time can be gained by taking 
greater advantage of the work being done in the 
engineering science courses. One might consider 


Consequently this life into which Casanova was born, 
and where his memoirs are our best guide, did not stand 
by itself, like something imported and accidental, but was 
a manifestation, supreme in its beauty, of the sick times. 
This is true of the myriad shaped eighteenth century, sup- 
porting the infinite detail of other truths about it: that 
for the deepest sociological reasons its essential framework 
was sclerozed, and mineralized like the arterial system of 
an old man. Politically and socially it was not, therefore, 
except in a very gross metaphor, degenerate or decayed 
at all; but set; arrived at such a development that change 
was shut out of the natural course of things. Everything 
was owned, settled, finished; the human race was, as never 
before or since, the prisoner of its own logic, its own legal 
geometry, its laws, that is, its Past. Neither kings nor 
people could change it; Europe had locked itself out and 
lost the key. —WILL1AM BOoLiTHO. 
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a briefer treatment of thermodynamics with 
less coverage possibly omitting reference to the 
second law. Omission of discussions of elasticity 
could be considered. These are merely indicative 
of what might be done if a careful study were 
made of the integrated physics and engineering 
science courses. The resulting released time in 
the physics courses of the second year could then 
be used to give a more thorough treatment of 
certain aspects of ‘‘modern physics.” 

Encouragement should also be given to some 
students to elective physics courses in the upper 
years who find motivation in that area. 

Some movement in the direction indicated 
above has already taken place. In closing I 
would like to comment on the recommendation 
strongly expressed by some people that engineer- 
ing students should be taught all their physics 
by the engineering departments. I believe that 
this is a step backward leading to a separation 
of the schools of engineering and science. It 
removes engineering students from contacts with 
a vital physics faculty who are contributing to 
research and whose viewpoints and objectives are 
those of the scientist. It throws a roadblock 
against the rapid movement of new ideas in 
physics to the student and to the engineering 
staff. I believe the real solution lies in a closer 
cooperation of the schools of science and engi- 
neering. 


“Research” is a high-hat word that scares a lot of 
people. It needn’t. It is rather simple. Essentially, it is 
nothing but a state of mind—a friendly, welcoming attitude 
toward change. Going out to look for a change instead of 
waiting for it to come. Research, for practical men, is an 
effort to do things better and not to be caught asleep at the 
switch. The research state of mind can apply to anything: 
personal affairs or any kind of business, big or little. It 
is the problem solving mind as contrasted with the let- 
well-enough-alone mind. It is the composer mind instead 
of the fiddler mind. It is the ‘‘tomorrow”’ mind instead of 
the “‘yesterday’”’ mind.—CHARLES KETTERING. 





Projects in Electricity for Upperclass Undergraduate Students in Physics 


Cas. WILLIAMSON 
Carnegie Institute of Technology, Pittsburgh 13, Pennsylvania 
(Received March 9, 1953) 


Our lecture courses in Electronics and in Electricity and Magnetism, both for physics majors, 
are accompanied by laboratory courses in which the students elect one or more projects, 
planning and performing them with minimum help from the instructor. Both verbal and 
written reports are called for. Projects are of three kinds; in the first, only intelligent selection 
and use of printed references is required ; in the second, a study of the construction and use of a 
laboratory device is undertaken; in the third, a new design of some device is taken from the 
literature and reproduced with modifications originated by the students themselves. Lists of 


typical projects are given in this paper. 


REPORT on our four years of experience 

with projects in electricity for sophomore 
engineers was given in a previous paper.! During 
the same four years the plan has been in use in 
electronics for physics majors, and recently it 
was adopted in electrical measurements for the 
same group. Our experience with projects in 
these courses will be presented in what follows. 
No claim for originality is implied; small 
colleges have followed this procedure in such 
courses for many years, and it has also been 
used with small classes in large institutions. 
What is offered here is an account of our use of 
the method in fairly large classes. The details of 
administration are essentially those described 
in reference 1, except that the instructors are 
members of the permanent staff. 

In our course in electronics the students 
perform nine standard experiments during the 
first eleven weeks of the semester, and then 
choose a project to be completed in the last four 
weeks. The titles of the nine experiments are 
given in Table I. In performing these experiments 
the students learn how to follow instructions, 
make connections, and take readings; and in 
preparing reports they learn how to show 
calculations, tabulate results, and plot curves. 
We find that the acquisition of these simple 
skills is not something that can be taken for 
granted; it must be provided for as an in- 
dispensable preliminary to effective project work. 
Although it is fashionable to stigmatize the 
typical laboratory manual as a ‘‘cookbook,”’ the 
writer feels that specific instructions should not 


1C. Williamson, Am. J. Phys. 20, 108 (1952). 


be entirely abandoned; they will save time for 
the beginner and will protect expensive ap- 
paratus from damage. We promote student 
understanding by requiring complete and _ in- 
dividually written discussions. We avoid mere 
‘“‘busy-work”’ by issuing a loose-leaf manual and 
having the students bind the instruction sheets 
and circuit diagrams in their reports. 

A list of projects in electronics is given in 
Table II. This list is compiled from past and 
present departmental records; it includes many 
items proposed and completed by student teams. 
Some of the projects are suitable also for the 
course in electrical measurements. Teams that 
decide to construct a device described in periodi- 
cal literature usually find that they must supply 
missing details and make modifications to suit 
local conditions. One useful by-product of the 
project plan is that the instructor obtains an 
insight into the student’s qualities of leadership, 
co-operation, and perseverance. This comes in 
handy when a senior asks for a recommendation. 

In our course in electrical measurements all 
the work is conducted by the project method, 
though of course much of it consists chiefly in 
the intelligent and selective use of printed 


TABLE I. Nine standard experiments in electronics. 


The diode 

The dc triode voltmeter 

Resistance characteristics of lamps and tubes 
The triode 

The ac triode voltmeter 

The resistance-coupled amplifier 

The transformer-coupled amplifier 

The phototube photometer 

The gas-diode sawtooth oscillator. 


567 





568 


TABLE II. Projects suitable for electronics and electrical 
measurements. Easier projects are indicated with an 
asterisk. 


I. Studies of the design, construction and use of 
existing pieces of apparatus. 


*Stabilized power supply 

*Audio-frequency oscillator 

*Audio power amplifier 

*Cathode-ray oscilloscope 

*Device for direct measurement of triode parameters 
Strobotac 

Stroboconn 

Vacuum-tube voltmeter 

Standard-signal rf generator 

Bridge circuits (builtup and ready to use) 


2. Planning, assembling, and testing one or more circuits. 


*Clipping circuits 

*Cathode-followers 

*Bridge circuits (unassembled) 

*Potentiometer calibration of a multirange voltmeter or 
ammeter 

*Conditions for maximum small-signal amplification with 
an af amplifier pentode 

Multivibrators 

Counting circuits 

Differentiating and integrating circuits 

Transmission of sound over a light beam 

Public-address system 

Stabilized high-voltage supply for a photomultiplier tube 


3. Special projects for well-qualified students. 


Pulse generator 

Phototube shutter-tester 

Balanced dc tube voltmeter 

Magnetostriction oscillator 

1000-cycle phase-shift oscillator 

Photomultiplier scintillation counter 

Slave flashgun with phototube and thyratron 

Special uses of the cathode-ray oscilloscope 

Measurement of harmonics and intermodulation 

Phase-inverter circuits for push-pull amplifiers 

Circuit for the production of inverted speech 

Response frequencies of an electromagnetically driven 
sonometer string or tuning fork , 


references. It is hardly necessary to give the 
titles of suitable experiments; they may be 
found in any good book on the subject ;? but it 


2B. Hague, Alternating Current Bridge Methods (Pitman 
Publishing Company, New York, 1938); F. K. Harris, 
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may be added that at the beginning of the 
semester we issue a preliminary project list 
similar to that given in Table II of reference 1, 
taking care to schedule promptly any item 
chosen from this list so as not to conflict with 
later sophomore use of the same equipment. 

It seems apparent to the writer (though 
perhaps some of his colleagues do not fully 
agree) that whereas the project plan works 
almost automatically with good students, it 
requires careful administration if it is to be 
profitable to the others. In particular, the 
instructor must see to it that the poorer students 
have the necessary backlog of technique and 
understanding, that they choose a_ project 
neither too time-consuming nor too difficult, and 
that they do not have easy access to reports 
prepared by previous student teams. When these 
precautions are taken, the below-average student 
usually does well enough to justify the project 
plan. But the real justification is seen when the 
work of the above-average student is appraised. 
He enjoys the freedom and responsibility, takes 
hold with enthusiasm, spends hours in experi- 
mentation and report-writing, and may even 
make the unsolicited comment that this is the 
finest experience of his college education. 

The generous and effective collaboration of 
Dr. A. F. Clark, Dr. A. J. Hartzler, and Mr. J. 
W. Michener is gratefully acknowledged. 


Electrical Measurements (John Wiley & Sons, Inc., New 


York, 1952); F. A. Laws, Electrical Measurements (Mc- 
Graw-Hill Book Company, Inc., New York, 1938); 
W. C. Michels, Advanced Electrical Measurements (D. Van 
Nostrand Company, Inc., New York, 1941); A. W. Smith, 
Principles of Electrical Measurements (McGraw-Hill Book 
Company, Inc., New York, 1948); and M. B. Stout, 
Basic Electrical Measurements (Prentice-Hall, Inc., New 
York, 1950). 
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Scientific Womanpower—Our Country’s Need 
and What Women’s Colleges Are Doing 
to Supply Physicists* 


SISTER MARY THERESE, B.V.M. 
Mundelein College, Chicago, Illinois 


N the publication, Bulletin of the Atomic Scientists, for 

February, 1951, Dr. Eugene Rabinowitch discussed the 
necessity in this country for augmenting our scientific 
personnel if we are not to run the danger of being out- 
numbered in scientists and technicians by the nations of 
Europe, in particular, the Soviet Union. ‘There is in this 
country—one and only one—large reservoir of potential 
scientific, medical, and engineering ‘‘manpower,”’ which is 
as yet almost entirely untapped: the American women: - -. 
Leaders in American education—particularly women’s 
education—and officials responsible for the planning of 
long-range mobilization of American manpower, would 
be guilty of a fateful omission if they did not consider, 
at the present time, the necessity of bringing about a radical 
change in the accustomed American attitude toward the 
study of science, medicine, and engineering by women. 
The time to direct thousands of girls who graduate from 
high schools into these fields of study, is now.” 

At about the time that this article appeared question- 
naires were being returned to the Physics Department of 
Mundelein College which was studying the status of 
physics in the liberal-arts colleges for women. Copies of the 
questionnaire had been sent in mid-December, 1950, to the 
chairman of the physics department in 151 liberal arts 
colleges for women located in the United States. Returns 
were received from 85 colleges. The survey revealed that 
only 38.8 percent of the women’s colleges offer a major in 
physics. The primary reason for not offering a major was 
lack of demand. All or nearly all of the latter colleges offer 
physics minors. 

There is one basic factor responsible for the paucity of 
physics majors among women. As Dr. Rabinowitch states, 
it is fundamentally a matter of educating the general 
public in order that a radical change may be brought 
about in the accustomed American attitude toward the 
study of science, medicine, and engineering by women. 
To accomplish this broad educational objective several 
avenues suggest themselves: 


(1) Perhaps it would be possible for a national physics 
organization such as the American Institute of Physics to 
sponsor a program of counseling on the high school level 
similar to that used so effectively by the American Chem- 
ical Society. 

(2) Also, this sponsoring organization might make avail- 
able to all high school students information concerning 
the importance of and job possibilities open to majors in 
physics. This dissemination could be in the form of inter- 
esting lectures and demonstrations by Institute lecturers; 
by attractive bulletin board materials; by brochures of a 
format which is attractive to the high school student and 


containing ample illustrations of women as well as men 
engaged in occupations related to physics; and also by 
movies, radio, and TV which could bring to the students 
and their families on-the-job interviews with present-day 
physicists. 

(3) Students with special aptitude and interest in physics 
might be placed under the special direction of a field 
counselor for that area, whose duty it would be to assist in 
planning students’ educational programs and showing a 
personal interest in them. 


If such steps were adopted it could be hoped that the 
parents as well as the students, both boys and girls, might 
show a growing awareness of the importance of physics, 
and high school enrollment in physics courses might be in- 
creased. It is shocking to learn that out of a total 11th 
grade enrollment of 19 000 students in the public schools 
of one of our large cities in 1950-1951, only 7} percent 
studied physics. Exact statistics are not available, but 
it has been unofficially estimated that in some schools 
less than 1 percent of the physics students are girls while 
the highest may reach 30 percent. Not only does John Q. 
Public and his family require a change of attitude but 
there are even physics teachers who refuse to have girls 
in their classes. 

With increased interest in physics on the high school 
level and encouragement from the scientists by making 
themselves available for such a program, physics depart- 
ments in women’s colleges would soon find ample student 
material with which to work. During the past month the 
physics department of Mundelein College solicited data 
from 32 colleges for women who previously reported having 
students majoring in their physics departments. Returns 
were received from 23, and of this number 6 have neither 
juniors nor seniors majoring this year. The total enroll- 
ment of the other 17 colleges is about 15 000 students of 
whom 22 are junior and 20 are senior physics majors. Only 
5 of these colleges have enrollments above 1000. Well- 
trained faculty and excellent facilities are available repre- 
senting financial investments greater than those of any 
other college department but there is no demand. 

Men may judge the writer unduly pessimistic and 
alarmed about public attitude toward women majoring in 
physics. Here is an example of what teachers of college 
physics encounter constantly. A student upon making a 
new acquaintance is frequently asked what she is majoring 
in. When she replies, ‘‘Physics,” the reaction usually is: 
“No, seriously. What are you majoring in?” If she had 
said, English, history, languages, music, art, home eco- 
nomics, or even chemistry or mathematics, it would have 
seemed credible,—but physics! This experience with minor 
variations is related time after time, and it is imperative 
that something be done to bring esteem and respect upon 
women physics majors rather than ridicule. 

The following is a brief report on what the physics de- 
partment faculty of Mundelein College has found effective 
in interesting high school students. During the past five 
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years it has sponsored a high school physics organization 
known as the YPO—Youth in Physics Organization—the 
purpose of which is twofold: (1) to stimulate interest in 
physics in Catholic secondary schools for girls, and (2) 
to promote better relations between the College and its 
contributory high schools. Two students from each member 
high school serve as delegates with the right of suffrage, 
but attendance at meetings is extended to all students of 
physics. The meetings are held at the College about every 
six weeks on Saturday afternoons, beginning at 1:30. The 
agenda adopted consist of three parts: a business meeting, 
a physics program, and a social hour. Occasionally in the 
past an essay contest or a field trip or a skit on ‘Women 
in Physics’ has been sponsored. At the first meeting of 
the year committees for each subsequent meeting are 
determined by draw. Three different schools are responsible 
for each physics program and two for the planning and 
serving of refreshments. Membership varies from year 
to year due to the program in some schools of rotating 
chemistry and physics. In some years 17 high schools have 
participated. 

This activity is additional to already heavy schedules 
of teaching, research, counselling, and departmental ad- 
ministration, but there are compensations. Among these 
may be mentioned: 


(1) no longer is the physics department considered 
merely a convenience for the departments of biology, 
chemistry and mathematics but a strong representa- 
tive in the natural science division; 

(2) there is a better understanding between teachers of 
physics in the secondary schools and those of the 
College; 

(3) there is increased interest in and enthusiasm for 
physics as reported by the high school teachers; 

(4) it has contributed greatly to the morale of the 
college-physics students who sometimes are invited 
to be guest speakers; 

(5) there is an increased enrollment in first-year 
college-physics courses—a number of former YPO 
members having registered in the physics depart- 
ment; 

(6) while physics majors are still not too plentiful, 
scholastically they rank among the highest and have 
a wonderful esprit de corps. One evidence of this is 
the Tea they sponsor during the Christmas holidays 
at which the faculty, the alumnae, and prospective 
physics majors still in high school meet and have 
the opportunity of discussing their mutual interests. 


This year upon a suggestion reported by Southwestern 
at Memphis the physics department has added another 
activity. It is making available laboratory facilities and 
faculty to high school students who may wish to participate 
in “‘Research for a Day.” To date arrangements have been 
made by students from two schools who have expressed a 
desire to work for a day in the college laboratories either 
on experiments which they wish to pursue further than 
they can carry them at high school or on projects super- 
vised by college students. 


DISCUSSION 


In closing, it is hoped that every college teacher of 
physics will generously contribute of his time, energy and 
enthusiasm in publicizing physics as a vital and rewarding 
subject for the high school student and will take a personal 
interest in encouraging sincere and capable though not 
necessarily brilliant students, both girls and boys, toward 
careers in physics. 


* Paper read at the Twenty-Second Annual Meeting of the American 


Association of Physics Teachers held at Harvard University, January 
22-24, 1953. 


The Falling Chain; an Exact Method 


D. S. BuRCH AND R. GEBALLE 
University of Washington, Seattle 5, Washington 


EVERAL notes concerning the impulse of a falling 
chain have appeared recently in this Journal.!-* They 

are based on a method described by Lamb‘ for the solution 
of such problems which requires analysis of the momentum 
change of the falling chain. Various predictions of Lamb’s 
method are discussed in these notes, and the results of 
experiments testing the predictions are presented. It has 
been proposed that the impulse be measured in three ways: 


(1) By observing the deflection of a spring balance. The 
exact differential equation for the motion of the 
balance pan can be written down but not integrated. 
An approximate solution is given in reference 4, to- 
gether with data which are in fair agreement with it. 
(2) By use of a beam balance. Here, as has been pointed 
out the method is not only crude, but hardly a 
measurement of the complete impulse. 

(3) By use of an oscillating length of chain. Although 
in this case the equation is integrable,’ frictional effects 
are excessive and preclude a convincing verification 
of the theory. 


In our Upper Division Mechanics laboratory, students 
perform an experiment based on yet another variation of 
the problem which measures the entire impulse, permits of 
exact solution, and yields results in satisfactory agreement 
with theory. The procedure consists of two parts. First is 
the release of a chain which falls onto one arm of an 
Atwood’s machine. The machine initially is unbalanced 
just sufficiently to overcome kinetic, but not static friction. 
The chain is supported from one end, with the other barely 
above a balance pan, which constitutes one arm of the 
machine. The apparatus is arranged so that release of the 
chain actuates a precision electrical timer. The timer is 
stopped by the opening of a switch when a fixed length 
of cord has passed over the pulley. Figure 1(a) is a sche- 
matic drawing of the arrangement at the start of a trial. 

In a second part of the experiment, the apparatus is 
operated as a normal Atwood’s machine with the coiled-up 
chain providing unbalanced force. The time of fall through 
the same distance as before is determined ; this datum serves 
to eliminate the effective mass of the moving system from 
the equations. Although any choice of distance and un- 
balanced force would serve for this part, use of these 
particular values results in worthwhile simplifications of 
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the equations and reduces the number of necessary 
measurements. 

Our object is to compare the experimental value of the 
time r (for the machine to fall through a distance h under 
the circumstances of the first part of the experiment) with 
a value calculated using Lamb’s method. As will be shown, 
the only data required are the length of chain L and the 
time of fall T for the second part, when the system operates 
as a normal Atwood’s machine. 

We divide the first part of the experiment into two 
phases. While the chain assembles in the pan, the equation 
of motion for the entire moving system is 


d 
ql iM teu) +o(L—u)é]=pLeg, (1) 


where we have made use of a suitable modification of 
Lamb’s expression for the momentum of a falling chain, 
and where M=effective mass of Atwood’s machine, 
p=linear density of chain, x =distance the pan has fallen, 
s=}gi?=distance the upper end of chain has fallen, and 
u=s—x=length of chain in pan. Figure 1(b) illustrates the 
situation a short time after the start of a trial. Making use 
of the defining equation for u and its first two time deriva- 
tives Eq. (1) reduces to 


d 
ql (M +eu)el= Mg, (2) 
which integrates at once into 
(M+pu)i= Mgt. (3) 
A further integration gives the relation 
Mu-+4pu? =} Mee. (4) 
From Eqs. (3) and (4), and the definition of u we can now 
find t;, x1, and Z:, the time, position, and speed of the pan 
at the end of the first phase, when u=Z and the last link 
strikes. Motion in the second phase of this part is that of 
an Atwood’s machine with initial speed #:, and the time 
of fall in this phase is described by the equation 


L 
hain iae—0) +4( EE elem (5) 


When the machine falls completely as a normal Atwood’s 
machine in the second part of the experiment, the time of 


fall is given by 
pL 
kdl —— jeT*, 6 
1 («fez )e (6) 


where h is the same as in the first part. 
Combining Eqs. (3), (4), (5), and (6) we find 


Ttheo? = T?+L/g. (7) 


Verification of Lamb’s expression rests on the quality of 
agreement between this and the observed value of r. 

An approximate solution,'based on the assumption that 
the pan remains stationary while the chain assembles on 
it gives the relation 

Tappre = 12+2L/g. (8) 


The validity of this assumption depends on the smallness 
of the mass of the chain compared to the effective mass of 
the Atwood’s machine. In fact it can be shown that, to 


Fic. 1(a). Arrangement at the start of a trial. The chain hangs 
from a support mounted on a normally open microswitch A. Item B 
is a metal disk with a hole through its center. It rests on two metal 
supports, forming a normally closed switch in series with A. The clock 
runs only when A and B are both closed. To start a trial, A is manually 
closed by a lever which simultaneously releases the chain. Switch A 
must be held closed until C, a projection on the cord raises B (through 
which the cord runs) from its contacts and stops the clock. Switch A 
must then be released before B falls back onto its supports. (b) Sche- 
matic view of the right-hand side of the apparatus a short time after 
the start of a trial. The chain has fallen the distance s = }gt?, while the 
pan is lower than its initial position by the distance x. A length u =s —x 
of chain is in the pan. 


first order, 


Tappr~ Ttheo i pL 


— 9 
4h M+ pL’ (9) 


The chain used in our laboratory is brass plumber’s or 
safety chain, has 85 links with a total length of 95.2 cm 
and a mass of 22.4 grams. The distance of fall is about 
60cm. The pulley is a thin aluminum disk running on a 
ball bearing. Steel pans with diameters about 10cm are 
used. Total effective mass of the Atwood’s machine is about 
300 grams. An unbalance of about 2 grams eliminates 
friction to a sufficient degree. 

Although the chain is released nearly over the center of 
the pan it does not fall in the same way each time. Meas- 
ured times are not very sensitive to variations of this kind. 
We do, however, eliminate trials in which part of the 
chain hangs over the edge of the pan. 

A recent series of measurements, consisting of 10 trials 
for each of T and 7 gave as mean values 


T= 1.307+0.002 sec, 


T theo 


Tmeas = 1.346+0.003 sec. 
From Eq. (7) we deduce 
Ttheo= 1.344+0.006 sec, 
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and from Eq. (8), 
Tappr = 1.379+0.008 sec. 


The relationship between rtheo and Tappr also follows from 


Eq. (9). Substituting masses and distances in this equation 
we find 


(rappr— Ttheo) /T theo =0.029. 


1J. Satterly, Am. J. Phys. 18, 405 (1950); 19, 383 (1951). 

2J.S. Miller, Am. J. Phys. 19, 63 (1951); 19, 383 (1951). 

3A. W. Davis, Am. J. Phys. 20, 112 (1952). 

4G. F. Hull, Am. J. Phys. 20, 243 (1952). 

5H. Lamb, Dynamics (Cambridge University Press, Cambridge, 
1929), second edition. 


_§ Model S-1 Precision Timer, manufactured by the Standard Elec- 
tric Time Company, Springfield 2, Massachusetts. 


A Freshman Laboratory Experiment in 
Echo Ranging 


GEORGE BARNES 
Linfield College, McMinnville, Oregon 


N the most common form of sound echo-ranging device,! 

pulses are sent out from a projector at regular intervals, 
which depend upon the working range of the instrument, 
and echoes from the pulses are picked up by a receiver. 
The time interval between pulse and corresponding echo 
is determined, and when the velocity of sound in the 
medium is known, the distance to the object which reflects 
the pulse can be computed. Cost and complexity of the 
usual echo-ranging apparatus prohibit its use in the fresh- 
man physics laboratory, but in order to acquaint the 
student with the principle involved, a simplification has 
been proposed.? Further simplification, particularly in 
the method of measuring the time interval between pro- 
jected and reflected signals, is suggested here. This can be 
accomplished if the rate at which pulses are sent out from 
the projector is made variable. When the frequency of 
pulsing is adjusted so that, at the instant an echo is re- 
ceived, the next pulse is sent out, the number of pulses 
per second is equal to the reciprocal of the time interval 
between projected and received signals. A knowledge of 
the pulse rate and the velocity of sound in the medium 
then enables one to compute the distance to the reflecting 
object. Such a procedure may also be thought of as ad- 
justing the frequency of pulsing to produce ‘“‘standing 
waves” between the projector and reflector, their separa- 
tion being one quarter ‘‘wavelength.”’ 

An experiment based on this method of echo ranging is 
used in the freshman physics laboratory at Linfield College 
and has proved to be one of the more popular experiments 
among the students. No special equipment is used; only 
a new combination of common pieces of apparatus, which 
can be found in the average physics laboratory, is needed. 
A calibrated stroboscope* (built by a student) is used as 
the variable frequency pulser, the pulse voltage coming 
directly from the cathode of the thyratron tube.‘ An 8-inch 
permanent magnet speaker is used as the projector (see 
Fig. 1) and is powered by the thyratron cathode. The 
sound intensity of the pulse was found to be sufficiently 
large that no focusing reflectors were needed. The receiver, 
which is a Brush Development Company, Model VP5B 
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REFLECTOR 


MICROPHONE SPEAKER 


AMPLIFIER STROBOSCOPE 


Fic. 1. Block diagram of apparatus for echo ranging in the laboratory. 


crystal microphone, is connected through an amplifier to 
an oscilloscope (the amplifier built into the oscilloscope 
may be used). Projector and receiver are placed side by 
side so that they are both the same distance from the 
reflector and a negligible distance from each other; but 
care is taken that the receiver is supported by rubber 
mounts to eliminate vibrations, particularly from the 
projector. Experience has shown that this is very im- 
portant and that clear signals cannot be seen on the oscillo- 
scope screen with even a small vibration of the receiver. 
On adjusting the oscilloscope sweep speed to correspond 
to the rate of pulsing, two separate sets of “‘blips’’ or 
signals are seen on the screen. The first corresponds to 
sound which travels from the projector directly to the 
receiver and the second to that which has returned from 
some distant reflecting object. Simultaneously, the pulse 
rate and oscilloscope sweep speed are then manually 
varied in such a manner that the over-all pattern remains 
stationary on the screen. The relative position of the echoes 
does change, however, and by varying the sweep speed 
and pulse rate in the proper direction, the echoes may be 
seen to approach and then to merge into the outgoing 
pulses. When this condition is attained, the reciprocal of 
the stroboscope frequency is equal to the time interval 
between signals. The merging of echo with pulse is re- 
peated several times to obtain a good frequency average, 
but obviously, the starting pulse rate must be chosen low 
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enough so that the echo merges into the first pulse follow- 
ing the one that produced it. The accuracy of the fre- 
quency setting can be increased if the signals are simul- 
taneously seen and heard. To this end, a pair of earphones 
is sometimes connected in parallel with the oscilloscope 
and used by the operator. 

The only part of the experiment which requires computa- 
tion by the students is the determination of one or more 
distances, but several brief demonstrations are easily 
performed while the apparatus is set up. The students are 
particularly interested in observing the relative positions 
on the screen of a projected signal and one reflected from 
a moving object, the pulse rate being held constant. 

With complete absence of sound absorbing materials 
or focusing reflectors, reverberations are plentiful, but if the 
reflecting object is less than about 25 ft away, the signals 
are readily distinguishable from the background noise. At 
ranges up to 15 ft, the results are highly satisfactory, and 
in spite of the seemingly crude apparatus, distances com- 
puted in this manner are accurate to within less than 5 
percent. 

The author wishes to express his thanks to Mr. Robert 
Dooley for the many hours during which he assisted in the 
developing and testing of this experiment. 


'L. E. Kinsler and A. R. Frey, Fundamentals of Acoustics (John 
Wiley and Sons, Inc., New York, 1950). 

2G. Bradley, Am. J. Phys. 21, 159 (1953). 

3L. E. Greenlee, Radio News 41, 44 (March, 1949). 


4In this stroboscope, the cathode is grounded through a 20-ohms 
resistor. 


Individual Projects on the Intermediate Level as 
a Training Aid and as an Economy Measure 


Otis B. YouNG 
Southern Illinois University, Carbondale, Illinois 


HE experienced teacher commonly uses among his 

instructional aids the term paper, the class report, 
or the special demonstration. These devices are valuable 
both for learning and for motivation purposes. This report 
deals with the individual project on the intermediate level 
as a training aid and as an economy measure, a device 
which combines all the commonly used aids while at the 
same time offering additional educational advantages. 

There is a definite need for an improvement in educa- 
tional methods. In recent years physics instructors have 
become aware of the fact that many incoming freshmen 
have received less than mediocre training on the high- 
school level. Furthermore, about seventy percent of these 
freshmen have not decided upon any major field. Any 
device that will aid in recognizing and encouraging innate 
ability among these students is commendable. 

There is also an urgent need today for any educational 
device that is economical. The average physics instructors 
in medium and small undergraduate schools work in an 
environment which is not ideal. The administration usually 
regards the physics department as expensive. Since the 
enrollment is low as compared with most of the other 
departments, and since the equipment and special facilities 
are particularly expensive, the costs per student hour of 
instruction are high. The equipment in these schools is 
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often limited, especially when multiple sets of apparatus 
are desired. The instructional staff usually is inadequate. 
Under such a set of conditions, any device that helps to 
overcome limitations and to achieve more satisfactory 
results is desirable. 

A brief discussion of the individual project at the inter- 
mediate level may help to show its merits in meeting some 
of the educational and economical needs in the average 
undergraduate physics department. This method is in- 
tended for students who have had at least the general 
beginning college course as a prerequisite. The special 
project is a part of a carefully planned and well-balanced 
course in which the instructor budgets the time for the 
various component activities. 

Each individual project is determined by student-in- 
structor conferences. Here the student often states pref- 
erences that may reveal interests, abilities, or ambitions of 
which the instructor would not otherwise become aware. 
The project should challenge the best ability of the student 
and may be either theoretical or experimental, although 
most projects are experimental. In a one-term course a 
given student performs but one good project. Following 
are some typical examples of such projects, taken from 
various courses: 


Measurement of the charge on an electron; determina- 
tion of e/m for an electron; development of Planck's 
radiation theory; theory and use of Geiger counters; 
development of Schroedinger wave equation; study of 
the acoustical properties of the University auditorium; 
study of range and penetrating power of alpha rays; 
atom smashers; diffraction methods and spectral anal- 
ysis; study of vortex motion. 


After the student chooses his project, he must become 
familiar with library services in regard to source materials. 
He lists the equipment and other help he will need. He 
even may design or improve equipment. He applies his 
best technical skill for high accuracy results. He consults 
personally with the instructor on the request of either, 
although he works largely on his own. When the project 
is completed, the student demonstrates and explains his 
experiment not only to the entire class, but occasionally 
to invited guests. In this part of the project the student 
assumes the role of teacher. This practice in speaking 
before an audience helps to overcome stage fright or 
timidity. Since the subject material is pertinent to the 
course, the entire class is held responsible for it upon exam- 
ination. This demonstration is only a part of the require- 
ment. The student must turn in a properly written report 
before the end of the term. This report often becomes useful 
reference material for both student and instructor. 

Experience over a period of twenty years with the indi- 
vidual project on the intermediate level points to the 
following conclusions: (1) the project device is in accord 
with basic learning processes; (2) students often decide 
upon careers in physics or related fields due to interests 
and abilities aroused while working with all permissible 
freedom and independence on individual projects; (3) the 
course is enhanced by this series of carefully prepared 
demonstrations and discussions with no noticeable handi- 
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cap to the lecture and recitation features; (4) economy 
is maintained because duplication of equipment is not 
essential; and (5) the individual project is highly 
democratic. 

In view of these educational advantages from the stand- 
points of both the instructor and the student, and in view 
of the economy of both time and equipment, the writer 
believes that the individual project on the intermediate 
level merits serious consideration. 


Some Analogies of the Tippe Top to Electrons 
and Nuclei 


D. VAN OSTENBURG AND C. KIKUCHI 
Michigan State College, East Lansing, Michigan 


ECENTLY the striking behavior of the tippe top has 

been the subject of much popular interest. The pur- 

pose of the present note is to point out that this remarkable 

top can be used to demonstrate the principles of electron 

and nuclear resonance absorption, which have played an 

important role in the recent developments of chemistry, 
atomic, and nuclear physics.! 

The dynamical behavior of the tippe top has been dis- 
cussed already in several papers.? An important point to 
note is that if the force exerted by the rolling surface on the 
top is vertical, there will be only a horizontal torque, along 
the nodal line (i.e., the intersection of the top’s equatorial 
plane and the horizontal rolling surface). This torque can 
cause only precession and cannot bring about a change in 


Fic. 1. The sphere represents an electron placed in a uniform magnetic 
field H. The primed coordinate system is fixed in the electron, and 8, 
¢, and y are the Eulerian angles which determine the position of the 
primed system with respect to a system fixed in space. The vector Ny 
directed along the nodal line ¢ is the torque due to the uniform field and 
the magnetic moment yz of the electron. The change in direction of the 
angular momentum §, giving rise to precession, is represented by Nydt. 
The rotating magnetic field also directed along the nodal line is repre- 
sented by Hp. Finally, Nrdt is the corresponding change of angular 
momentum which causes a change of energy in the system. 
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magnitude of the angular momentum or the energy of the 
top. However, in reality there is a friction force acting on 
the top at the point of contact. This friction force lies in 
the horizontal plane and rotates about the vertical axis. 
It has been noted that the torque resulting from this force 
is responsible for the flipping of the figure axis of the top. 

Let us now consider the magnetic top. To be specific, 
we present in Fig. 1 a model of an electron. Its figure axis 
is Z’ about which the angular momentum is known to be 
4h, where h is Planck’s constant divided by 2x7. The 
negative magnetic moment of the electron is represented 
by a thick arrow pointing in the opposite direction. A 
nucleus such as a proton can be presented by a similar 
model, with the exception that the arrows giving the 
angular momentum and magnetic moment are in the 
same direction. Now if this magnetic top is placed in a 
uniform magnetic field (which is to be compared to the 
uniform gravitational field), there will result a torque whose 
direction is along the nodal line ¢. The effect of this torque 
is to produce a uniform precession about the magnetic 
field vector H. In order to make the top flip over, it is 
necessary to apply a rotating magnetic field at right angles 
to H. For definiteness we may take its direction along £. 
This field will then produce a torque normal to 2’, lying 
in the vertical plane containing Z and Z’. When this 
torque acts for a sufficient length of time, the axis of the 
top will flip over, resulting in a change of angular momen- 
tum and energy. In electron and nuclear resonance experi- 
ments, it is the change in energy which is observed. 

We should like to point out, however, that one must 
not be too critical in making the comparison of the me- 
chanical and magnetic tops. There are differences. For 
example, in the tippe top the figure axis flips, but the 
angular momentum reserves its sense in space. For electrons 
and nuclei, on the other hand, the spin angular momentum 
also becomes reversed in space. 

1 See, for example, C. Kikuchi and R. D. Spence, Am. J. Phys. 18, 
167 (1950); and G. E. Pake, Am. J. Phys. 18, 438 (1950). 

2A. D. Fokker, Physics 18, 497 (1952); C. M. Braams, Physica 18, 


503 (1952); N. M. Hugenholtz, Physica 18, 515 (1952); J. L. Synge, 
Phil. Mag. 43, 724 (1952); J. A. Jacobs, Am. J. Phys. 20, 517 (1952). 


Notes on the Up-and-Down Vibrations of a 
Hanging Chain Partly Counterbalanced 
by a Suspended Body 


VERNON CRAWFORD 
Georgia Institute of Technology, Atlanta, Georgia 


N 1950 Professor Satterly described! some very inter- 
esting experiments in dynamics for use in a second 
laboratory course on mechanics. Among them was an ex- 
periment on the up-and-down vibrations of a hanging chain. 
The problem under investigation was the following: ‘“‘A 
fine uniform chain is collected in a heap on a horizontal 
table, and to one end is attached a fine string which passes 
over a smooth pulley vertically above the chain and carries 
a weight equal to the weight of a length a of the chain. 
Prove that the length of the chain raised before the weight 
comes to rest is V3a, and find the length suspended when 
the chain next comes to rest.” 





NOTES AND 


The analysis of the rising chain is straightforward and 
yields the result that the maximum height of the end of 
the chain is av3. In the case of the falling chain the mass 
which is lost from the system is removed at the velocity 
of the system and so does not contribute a term to the 
momentum equation. The correct equation for the falling 
chain is, therefore, 


gm(a—x)dt=m(a+x)dv (1) 


rather than 
gm(a—x)dt=m(a+x)dv— (mdx)v, (2) 


which is the equation used by Satterly. (Here x is the 
height of the end of the chain above the table, and m the 
linear density of the chain.) 

After a slight manipulation Eq. (1) becomes 


(dv? /dx) = 2g(a—x)/(a+x), 


the solution of which is 


v? = 2g[2a In(a+x/C)— (a+x)], (4) 


C being the constant of integration. When the initial condi- 
that v=0 when x=aV3 is applied, the constant is found to 
be 0.697a. The velocity will again be zero when 


(x-+a) = 2a In{ (x +a)/0.697a}, (5) 
from which x=0.415a. Equation (2), on the other hand, 
yields x =a/v3 =0.577a for the minimum value of x. 

In an experimental test of Eq. (5) a beaded chain, such 


as is commonly found on bathroom fixtures, was used. 
Sample results are given for a case in which a=50.5 cm. 


(3) 


Measured x Calculated x 


86.0 cm 87.5 cm 
22.5 cm 21.0 cm 


The measured value of x for the first fall is to be compared 
with a/v3 which is 29.2 cm. 

It is interesting to note that in Satterly’s observations,! 
as well as in those given above, the chain fell farther than 
a/v3, even though it rose to a somewhat lesser height than 
the calculated value v3a. Friction, which will cause the 
chain to rise less than the theoretically predicted amount 
should also cause it to fall less far than predicted. This is 
seen to be the case if the predictions are based on Eq. (1). 


1 J. Satterly, Am. J. Phys. 18, 405 (1950). 


First rise 
First fall 


Coupled Electrical-Mechanical Oscillatory 
Systems 


R. STUART MACKAY 
University of California, Berkeley 4, California 


HERE follows the description of several new types 

of oscillators that, besides their intrinsic theoretical 
value, readily lend themselves to interest provoking demon- 
strations and startling permanent displays. In general they 
depend on the simple introduction of a nonlinearity into 
a magnet circuit to produce a highly oscillatory state. For 
example, the classic floating ring experiment can easily be 
converted into a self-sustaining hopping ring experiment 


DISCUSSION 575 


by the simple addition of a condenser (the electrical non- 
linearity already being present in the form of the coil having 
an iron core which saturates for a variable fraction of each 
cycle, thus giving an average inductance varying with the 
applied voltage). These effects are compared with several 
magnetic pendulums and related devices that invoke 
transients rather than nonlinear elements to sustain motion. 
Either a nonlinear choke or condenser can be resonated 
with a linear element of the opposite type to give a negative 
resistance characteristic for ac current and voltage. This 
indicates the possibility of producing oscillations and 
building bistable circuits around such a component.!? If 
one forms a series circuit of a nonlinear and an ordinary 
reactive element, the current will be a double-valued 
function of the applied voltage. If such a circuit is in its 
low current state it can be made to pass more current, 
and to permanently switch to the high current state, by 
shorting a second winding magnetically coupled to the 
inductance.! The increase in current caused by the loading 
can take the form of a sudden discontinuous transition. 
This suggests the maintainance of motion in many 
mechanical systems, of which the floating ring experiment 
is a simple example. Usually this experiment consists of a 


Fic. 1. (a) The classic floating ring experiment converted into a 
perpetually jumping ring by the simple addition of a “resonating” 
condenser. (b) Double-ended arrangement. The automatic switching 
in this case is indicated by, and can be controlled by, the incandescent 
lamps. In both cases the oscillations are self-starting and the field can 
be fully double-valued over the whole path. The lamps can be replaced 
by small ‘‘universa”’ motors to obtain a longer period. 


coil energized with ac, and around the vertical iron core 
of which floats an aluminum ring because of the repulsion 
between the currents induced therein and the primary 
currents. If such a coil is resonated with a suitable con- 
denser and the input voltage varied with;a Variac the 
current will be found to suddenly jump up at a critical 
voltage setting. If the voltage is just below this value, and 
the circuit has not previously triggered up to the high 
current state, the arrangement will show the ‘obstinate 
property” that dropping a ring down over the core will 
cause the current to jump up by a factor of, say 20, thus 
throwing the ring back off. If the backlash is reduced (by 
adjusting C or adding R) the decoupling of the shorted 
turn by its increasing distance may allow the current to 
drop back and thus allow the ring to fall back for another 
cycle (Fig. 1(a)). 

The construction of such an experiment is simple once 
a consistent set of orders of magnitude is known. One unit 
that worked well used a two-foot laminated core, one inch 
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square. It was allowed to project 6 inches below a four- 
inch coil that was two inches thick and which was wound 
with number 18 wire. The ring was a two-inch length of 1.5- 
inch diameter aluminum tubing having a #¢ inch wall. 
The effect was enhanced by placing the primary winding 
of a 5-volt, 5-ampere filament transformer in series to act 
as a ferroresonant amplifier. The proper condenser was 
then 8 microfarads, and the insertion of a 50-ohm resistor 
was found to increase the useful line voltage range to 90- 
120 volts into a 2:1 step-up transformer. The ring normally 
jumps up and down two feet, though a three-foot extension 
of wood was added to the core to take care of the higher 
voltages. 

Many magnetic circuits can become or can be made oscil- 
latory in this way. This same principle can be used to 
maintain a metal ball bouncing up and down along a trans- 
parent tube. A thin hollow coil can be placed somewhere 
along the path and it will impart energy with each passage. 
It may be possible to eliminate the guide tube by making 
the striker-plate slightly concave or by locating the coil 
at the top of the throw and shaping the field with an iron 
core. 

An interesting extension of the jumping ring has lent 
itself well to the setting up of a hallway display. Two 
coils (Fig. 1(b)) alternately throw the ring up over a 
curved section. The previously reported astable circuit 
was used to control the coils since the light bulbs flash on 
to indicate the status of the currents. There is a very 
strong tendency for the light bulbs to control the switching 
of current from one arm to the other though, other things 
being equal, the dominant control factor (the mechanical 
system or the warming of the filament) is the one of shorter 
period (if the periods are fairly close together). One unit 
of this double type was made that had a short laminated 
core extending all the way between the coils. The ring 
was always in such a strong field that it would eventually 
overheat, and the increase in resistance would stop the 
action. These circuits are most easily balanced for stable 
operation by adjusting a small mass of iron near the lower 
projecting end of one core. Typical orders of magnitude 
with 100-watt light bulbs are a 10-microfarad common con- 
denser and eight microfarad ones in the parallel arms. If 
the coils are similar to the aforementioned one, the 
primary of a small filament transformer should be placed 
in series with each. 

Recently the sustaining of motion in certain mechan- 
ically resonant systems by their magnetic coupling to 
associated electrical systems has received brief attention.* 
These systems are all less vigorous than the above because 
they depend on transients characteristic of linear elements 
to give time delays which, combined with motion, yield 
limited double valuedness (of magnetic field as a function 
of armature position) or hysteresis, rather than this being 
an intrinsic static characteristic as above. The comparison 
is like that between a jumping spring experiment and an 
electrostatic chime or the Cup of Tantalus. 

It might be worth pointing out that even when not 
acting discontinuously the above nonlinearities _ still 
amplify any changes. In fact, the most reliable operation 
is often with very high but less than infinite gain, as there 
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Fic. 2. Three bobs all maintained in motion by their mutual inter- 
action because of the time delays characteristic of the associated 


electrical system. The preferred steady-state mode is shown by the 
arrows. 


is then no chance of a change in conditions causing the 
circuit to switch to a high current state from which it is 
unable to return. Operation is possible in a circuit that is 
able to return to the low current state only because the 
ring moves away before the circuit has been able to fully 
reach the high current state toward which it was heading; 
or more precisely, it has not yet had time to pass that 
central point beyond which it would be regeneratively 
carried to the high state rather than the low current one, 
from which it was pulsed. 

It seemed interesting to extend some of those observa- 
tions with linear elements to the case of a triple pendulum 
which was set up as in Fig. 2. Here, three bobs were set 
swinging over each other. Two were coils of wire, connected 
so that the force between the coils was attractive. For con- 
venience the third bob consisted of a piece of iron, of about 
the same mass as either coil. Tuning of the external con- 
denser followed the indications of the previous paper.* 
Once one bob was started moving, all three took up and 
maintained their motion with an amplitude that was 
easily adjusted by control of the input voltage. The pre- 
ferred mode of oscillation was with the center bob swinging 
180 degrees out of phase with the outer pair, which swing 
together. This is true whether the iron bob is the center 
one, or one of the extreme ones. 

A quadruple pendulum has also been set up by suspend- 
ing another iron bob above the top coil shown in the left 
section of Fig. 2. This bob tends to swing in phase with 
the center iron bob unless it is quite light or unless the 
current is increased to above a critical value, in which 
case it is “trapped by” and swings in phase with the top 
coil. There are small residual cyclic variations in amplitude 
of any one bob and, of course, the build up to the steady 
state is quite interesting to watch. 

It is rather interesting to note the analogy between such 
systems and the oscillatory motion of an electron in a beam 
passing near a conducting plate or wall. It has been shown 
that if the properties of the wall are other than purely 
capacitive, the amplitude of any oscillations will tend to 
build up because of the interaction (rather than being 
damped out as one might expect), and this effect can be 
used to obtain amplification in the high-frequency range.‘ 

Thanks are to be expressed to Mr. Carter Collins for his 
help in setting up some of these displays. 


1R.S. Mackay, J. Appl. Phys. 24, No. 3, 311 (1953). 

2R.S. Mackay, J. Appl. Phys. 24, 1163 (1953). 

3R.S. Mackay, Am. J. Phys. 21, 180 (1953). 

(1983) K. Birdsall and J. R. Whinnery, J. Appl. Phys. 24, No, 3, 314 
953). 
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Some Remarks on Melde’s Experiment 


Paut F. BARTUNEK 
Colorado School of Mines, Golden, Colorado 


ELDE’S experiment is often performed by exciting 

a string with a vibrating steel reed driven by an 
electromagnet. The magnet is commonly driven from the 
110-v, 60-cps lighting circuit and so arranged that the 
motion of the reed is perpendicular to the string. This 
arrangement is expected to yield a frequency of vibration 
of the reed of 120 cps, since the reed is attracted to the 
magnet core once each alternation of the current. 

Suppose the experiment to be performed by leaving 
every variable constant except the tension in the string. 
By proper adjustment of the tension one can excite the 
well-known normal modes of vibration corresponding to 
the various harmonics. If we let y=1/n?, where m is the 
number of segments in the vibrating string, we have 
y=kT, a well-known result which follows from equations 
found in all elementary physics textbooks. The length 
of a segment is equal to the node-to-node distance or one- 
half wavelength, 7 the string tension, and k is the slope 
of the y vs T graph. If L is the length of the string, f the 
frequency, and m the mass per unit length of string, the 
expression for the slope k is 


k=1/4L*f?m. 


The length of the string, the linear mass density, and the 
slope of the graph are readily measured, thus enabling 
one to calculate the frequency. 

An interesting feature which has been discussed in the 


literature,! but is commonly overlooked in undergraduate 
laboratory work, is the possible presence of two frequencies. 
If these are present the yvs JT graph yields two straight 
lines, (see Fig. 1). The small circles in the figure are the 


we 1000 
Tension, T, (grome) 


Fic. 1. Graph of 1/n? vs T for the vibrating string. 


experimentally determined points. This effect is also often 
present if the driver is a telegraph sounder. ~ 

A third type of exciter is an electromagnet driven from 
the 60-cycle/sec ac line and held close to a vibrating soft 
iron wire. Here, again, the two frequencies are sometimes 
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observed, giving two straight lines similar to those in Fig. 1. 
One of these lines yields a frequency of 60 cycles/sec, the 
other 120. 

If the wire or string, as the case may be, is observed with 
a neon stroboscope the frequencies may be checked in- 
dependently, although it is also possible to check them 
by ear. The 60-cycles/sec frequency is the more noisy and 
irregular, while the 120-cycle one drives the system 
smoothly and quietly. 

In performing the Melde experiment in our sophomore 
laboratory there is generally not sufficient time to obtain 
the mass of a known length of string with an analytical 
balance if the determination is to be done carefully. Hence, 
the students are given these data and told how they were 
obtained. However, the students are not told that two 
different frequencies are in some cases to be expected. 
Indeed, cases arise in which but one point is obtained on 
the second line. In such instances it is interesting and 
illuminating to see which students try to throw such data 
away and which are honest enough to insist that they 
should be kept. In fact, this effect was first called to my 
attention by a student who insisted that the single ‘‘out-of- 
line” point was really there. He had checked it five times 
and asked me to come over and check it too. 

There is one other aspect of the problem which has some 
teaching value. In all cases which have come to my atten- 
tion the frequency comes out a little low compared to the 
line frequency. A common value is 118 rather than 120. 
It can be pointed out to the class that all groups obtained 
low results. This looks like a systematic error. Are the 
students able to explain it? A part of their training lies in a 
discussion of the results, including an explanation of dis- 
crepancies. The observed value, roughly 2 percent low, 
can be accounted for by the stretch of the string which 
reduces m and therefore acts in the proper sense to increase 
the frequency as calculated from Fig. 1 by about 2 cycles/ 
second. 

The iron wire which was used in our experiment took on a 
permanent stretch, after which the increase in length was 
extremely small for loads up to 10 kg. The length of new 
wire was 291 cm; the length after use turned out to be 
295 cm. If one uses the value of m corresponding to the 
latter the results are in closer agreement with the known 
frequency of the driver. 

The behavior of the wire depends, of course, upon the 
kind of wire. Best results are obtained if m is determined 
for the sample of wire which is actually used in the 
experiment. 

Further interesting aspects of the Melde experiment 
have been discussed recently by J. S. Miller? who has 
studied effects which result from support of the vibrating 
prong at various angles with the string. Under these cir- 
cumstances the motion of the prong consists of components, 
one perpendicular and the other parallel to the string. 


1 Rayleigh, Theory of Sound (Dover Publications, New York, 1945), 
Vol. 1, pp. 81-85. 


2J. S. Miller, Am. J. Phys. 19, 248 (1951). 
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Electrification of a Glass Rod 


OOKING down from heaven, I discover that a number 
of physics teachers encounter difficulty when they 
attempt to electrify a glass rod by the use of a silk rubber, 
and that they resort to all sorts of dodges, most of which 
are not very effective. Three-quarters of a century ago, 
in a series of lectures which I delivered at the Royal 
Institution during the season 1875-1876, I described a 
simple way of obtaining good electrification of a glass rod, 
so that the vitreous electricity might be exhibited. These 
instructions were printed in the book based on those 
lectures, entitled Lessons in Electricity (which was issued 
in an American edition by D. Appleton and Company of 
New York in 1877). On page 7 of that book, I advised 
electricians to include amongst their materials some amal- 
gam, to be used as follows: 


“The name ‘amalgam’ is given to a mixture of 
mercury with other metals. Experience has shown 
that the efficacy of a silk rubber is vastly increased 
when it is smeared over with an amalgam formed of 
1 part by weight of tin, 2 of zinc, and 6 of mercury. 
A little lard is to be first smeared on the silk, and the 
amalgam is to be applied to the lard. The amalgam, 
if hard, must be pounded or bruised with a pestle or 
hammer until it is soft. You can purchase sixpenny- 
worth of it at a philosophical instrument maker’s.”’ 


In the price list of apparatus, appended to my book, 
the cost of a box of amalgam was 25 cents, but I dare say 
that the price is a little bit more today. 

JOHN TYNDALL 


Professor of Natural Philosophy in the 
Royal Institution of Great Britain 


(Transmitted to the Editor by I. BERNARD COHEN, Widener Library 
189, Cambridge 38, Massachusetts.) 


A Note on Authority 


NVARIABLY one of the greatest surprises to beginning 

students in physics is the realization that all physical 
phenomena in the universe have not been reduced to 
unquestionable explanations based upon _ unassailable 
definitions which are so because of the complete agree- 
ment that exists between all men of science in the choice 
of units of measurement. The lay person has come to 
assume that physics, of all branches of learning, is com- 
posed of “facts” not subject to debate nor beset with the 
need for reliance upon opinion. When, in the course of his 
introduction to physics, the student becomes aware of the 
difficulty of stating physical phenomena in extremely 
simple terms, he is at the same time beginning to appreciate 
the magnificence of the universe and beginning to mature 
intellectually in his effort to find understanding. 

We who have taught physics for some time are con- 
tinually plagued by the problem of how much of the 
outmoded literature we must carry forward with the more 
recent statements which later achievements have estab- 


lished as more correct. We are rarely in a position where the 
old may be summarily dropped in favor of the more 
correct, simply because in practice we become “‘tooled up” 
to the older definitions; and instead of making the abrupt 
change which is indicated, we find ways to continue the 
use of old equipment and terminology long after entirely 
different understandings have been established. 

I believe there is much teaching merit in calling the 
student’s attention to this overlapping. There is furnished 
within this hiatus the opportunity for historical recapitula- 
tion of the work done in a certain field and the consequent 
richer understanding and appreciation of the current 
version. Above all, it helps the student relegate physical 
science to its place in the sphere of human activity, that 
of the diligent search for truth in a universe of such 
complexity and grandeur as to make the effort itself a 


praiseworthy adventure, and any degree of achievement 
a human triumph. 


W. P. CLARK 
Wisconsin State College 


Eau Claire, Wisconsin 


On the Use of Dimensional Analysis 


LSEWHERE in this Journal I have pointed up the 

elegance of dimensional analysis in deriving formulas 
(I prefer to call them “equations describing physical 
phenomena,” for this is, indeed, what they are). And an 
equation so gotten really possesses more physical meaning 
since its ‘‘nature” is held in mind—that is, the nature of 
the quantities involved is never obscured. I wish here to 
suggest that the tool should have greater use throughout 
the course in checking the dimensional homogeneity of a 
“formula.”’ For example, what evidence is there that the 
radical expression for the velocity of propagation of a 
compressional wave in a gas is of the nature of a velocity? 
Or that the nature of the product PV is work? Often, too, 
the device incites some very serious critical thinking, as the 
following illustration will point out. 

Problem: Find the distance passed over in the mth 
second by a body experiencing free fall under gravity. 
The result is at once shown to be S=}g(2n—1). Query: 
Does the quantity on the right side possess the dimensions 
of a length, simply? At first sight it does not ! Has algebraic 
tooling given the analysis an alien twist? 


Juttus SUMNER MILLER 
2116 Benecia Avenue 


West Los Angeles 25, California 


The Self-Centered Shadow 


R. Jacobs’ letter on ‘‘Self-Centered Shadow”’ in the 

March issue reminds one of the more simply ex- 

plained but rather neglected phenomenon of heiligenschein. 
The following definition is given by A. H. Thiessen :! 


A luminous, white corona surrounding and glori- 
fying the shadow of an observer’s head cast upon a 


578 











ne Te ee 







aes EER Ee ar 












ibn eA ARN Rh SAB NS 















Pe 






eek Anh 2 WG Liv Meee 





eancs: 














lawn, meadow, stubble field, or other uneven surface, 
when the sun is low in the heavens; especially brilliant 
when the grass or other vegetation is thickly covered 
with dew. It is caused by the diffraction of sunlight 
externally reflected from the dewdrops. This phe- 
nomenon is sometimes called ‘‘Cellini’s halo,’’ since 
it is said to have been first noticed and described by 
Benvenuto Cellini, who regarded this halo around 
the shadow of his head as a special mark of divine 
favor. 


In his paragraph on heiligenschein in Physics of the Air,? 
W. J. Humphreys captured the singular role of the observer 
with a remarkable sentence: 

“His head, and his only, is to him, and to him only, 
crowned with a glory.” 

R. C. WANTA 


Weather Bureau Office 
Upton, New York 


1A. H. Thiessen, Weather Glossary, U.S. Department of Commerce, 
Weather Bureau, W. B. No. 1445, 1946. 

2 W. J. Humphreys, Physics of the Air (McGraw-Hill Book Company, 
Inc., New York, 1940), third edition, p. 556. 





Electric Charge on a Moving Vehicle 


OUR April, 1953, issue carries a letter, ‘‘Concern- 

ing the Electric Charge on a Moving Vehicle,” by 
Julius Sumner Miller. A considerable amount of work was 
done on this subject ten years ago by several individual 
laboratories including our own.! 


AMERICAN JOURNAL OF PHYSICS 


Book Reviews 


Thousands of Science Projects. Science Clubs of America, 
booklet compiled by M. E. Patterson and J. H. 
Kraus. Pp. 46, Illus. 27. Science Service, Inc. 
Washington, D. C., 1953. Price $.25, ten for $1.00. 


Of some use to science teachers in high schools, and on 
the elementary level in colleges will be this paperbound 
compilation of projects by the Executive Secretary of 
Science Clubs of America and the Coordinator of the 
National Science Fair. The ‘thousands of projects’’ are 
listed by title, while eight pages of pictures show different 
types of entries at the National Science Fairs and the 
Science Talent Searches over the last few years. 

Listings are generally indexed and classified by the 
Library of Congress system. The projects have been the 
work of boys and girls from ‘8 to 18 years of age’’ and 
occur in 102 branches of science. The advanced nature of 
some undertakings offers a true challenge to college under- 
graduates, yet the elementary grader can find sufficient 
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The mechanism charging the vehicle begins with contact 
potential differences between the tires and the pavement. 
If the tire resistance is high enough the charge will not leak 
away as rapidly as the effective capacitance decreases, 
hence the voltage of these charges accumulated on the 
tread can increase enormously as the wheel rotates. As 
soon as the tread charges are far enough removed, they will 
find a lower resistance path through the rim to ground 
rather than around the tread, hence they charge the vehicle. 
Continuous currents of 30 microamperes have been re- 
quired to maintain the vehicle at ground potential. 

Several capacitances and resistances are involved in the 
process: vehicle to earth, tread areas to rim, tread areas to 
pavement, etc. 

Leakage from sharp edges around the car definitely do 
exist, and these limit the voltage by corona discharge. 
Under conditions where the vehicle voltage is >10 000 
volts, an oscillatory discharge has been produced by 
extending a sharp pointed wire to distort the field around 
the vehicle. Ordinarily, the onset of such a discharge is at 
a considerably higher voltage. On indoor tests, visible 
discharge has been observed at the point where the tire 
leaves contact, when the tread voltage was 15.000 volts. 

I trust this information will answer the questions raised 
in the April issue. 


The B. F. Goodrich Company 
Brecksville, Ohio 


R. F. MILteR 


1 Mackeown and Wouk, Trans. Am. Inst. Elec. Engrs. 62, 207 (1943) ; 
Liska and Hanson, Ind. Eng. Chem. 34, 618 (1942) (CA 36:3699); 
Cadwell, Handel, and Benson, News Ed. ACS, 19, 1139 (1941), (CA 
36:1522); Beach. Elec. Eng. 60, 202 (1941). Rubber Mfgrs. Assn., 
India Rubber World 103, 49 (February, 1941). 
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food to chew. Generally, this publication would serve the 
high school science teacher well, better if he sponsors a 
science club or project work in his classes. 

Choosing at random within the Meteorology Section on 
Instruments, we have seven topics ranging from the 
“homemade barometer’? to “electronic measurement of 
barometric pressure.” In the field of Inorganic Chemistry, 
Special Elements and their Inorganic Compounds, can be 
found no less than twenty projects from ‘‘sulphur—its 
contribution to civilization” to ‘‘the isomers of chromic 
chloride.” 

A view of the sub-areas covered reveals five in mathe- 
matics, four under astronomy, and six in chemistry. The 
listings go beyond pure science into the practical fields of 
fish culture, mechanical engineering, military science, and 
others. 

Remember that this is simply a list of projects, a good 
one to my way of thinking, designed to give a young person 
a start in some direction within science which appeals most 
to him or her. But it is not, nor does it try to be, more than 
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a “point of departure in stimulating new approaches to 
learning science.” 
WitiiaM A. CuFF 
Alexandria, Virginia 


An Introduction to Thermodynamics, the Kinetic Theory 
of Gases, and Statistical Mechanics. Second Edition. 
Francis Weston Sears. Pp. 374+x, Figs. 126, 
1623.5 cm. Addison-Wesley Publishing Company, 
Cambridge, Massachusetts, 1953. Price. $7.50. 


The second edition of this work was written “to bring 
together under one cover, and at an intermediate level, 
a presentation of the fundamental principles” of thermo- 
dynamics, kinetic theory of gases, and statistical mechanics. 
Thermodynamics in the nature of the subject can be 
presented in considerable detail at an intermediate level, 
as can that portion of the kinetic theory of gases comprising 
the Maxwell velocity distribution and mean-free-path 
theories of transport phenomena. In general, these subjects 
are adequately and lucidly presented here. The statistical 
mechanics section, while similarly presented with pedagogi- 
cal skill, is a bare introduction to the subject. The methods 
of Boltzmann (extended to include quantum statistics) 
are employed. Whether a presentation of fundamental 
principles has been achieved in this case may be question- 
able, but undoubtedly a more thorough exposition would 
be impossible in a one-semester course and would not be 
needed at the intermediate level. 

Before the changes in the new edition are noted, two 
criticisms may be offered. In discussion of entropy changes 
in irreversible processes we should like to see reference to 
the important concept of irreversible entropy production, 
developed in the works of several investigators including 
Onsager, Bronsted, and Tolman [see, for example, Revs. 
Modern Phys. 20, 51 (1948) ]. According to this concept, 
the content of the second law is simply expressed by the 
statement that the increase in entropy of a system in any 
process is equal to or greater than the entropy transferred 
to the system from its surroundings. 

The second criticism concerns the statistical mechanical 
definition of entropy as k log W. In this formula W should 
represent the thermodynamic probability of the statistical 
system in its most probable state, so that in conformity 
with the thermodynamic entropy function, the statistical 
entropy is defined for equilibrium states (see, for example, 
Khinchin, Statistical Mechanics (Dover Publications, New 
York, 1949), p. 142]. The section on entropy and prob- 
ability is misleading because of failure to recognize this 
point. 

The more important changes in the thermodynamics 
section of the new edition are a more thorough development 
of the properties of the Helmholtz and Gibbs functions, 
which simplifies the derivation of the Clausius-Clapeyron 
equation and an improved treatment of the Gibbs- 
Helmholtz equation with application to an electric cell. 
(In the latter treatment the need for the discussion based 
on figure 9.8 is not apparent. Once it is recognized that G, 
and Gz» are functions of T and p only, the equation just 
preceding Eq. 9-66 requires no further justification.) 


In the kinetic theory section a mean-free-path theory 
of diffraction has been added. ¢ 

The .statistical mechanics section treating classical 
Maxwell-Boltzmann statistics has been rewritten. The 
presentation is more fluent through earlier introduction 
and greater use of partition functions. A more complete 
treatment of heat capacity of gases is given; the section on 
quantum theory of paramagnetism has been largely 
omitted ; a section on thermionic emission has been added. 

The final chapter on low-temperature physics which 
appeared in the first edition has been omitted (including 
any reference to the third law of thermodynamics). In its 
stead appears a chapter on fluctuations including density 
fluctuations in a gas, Brownian motion (Langevin theory) 
with application to galvanometers and electrical circuits, 
shot effect, and Johnson noise. The derivation of the 
Nyquist formula for Johnson noise will probably not be 
understood by an intermediate student since it requires an 
acquaintance with the subject of transmission lines. 

The few editing errors of the first edition have been 
corrected, but a few more new ones appear in the added 
material. For example, one finds a double meaning for 
H on page 308. Several new problems are given, and 
answers to problems are now provided at the back of the 
book. 

Boris LEAF 
A. B. CARDWELL 
Kansas State College 


Electronics, Physical Principles and Application. ARTHUR 
O. WituiaMs, JR. Pp. 306+v, Figs. 194, 1523 cm. 
D. Van Nostrand Company, Inc., New York, 1953. 
Price $4.50. 


There are relatively few researches in physics today, 
and indeed in related sciences, which do not involve some 
application of electronic principles. Rare is the scientist 
who can pursue his work without attaining at least a 
modest knowledge of what vacuum-tube circuits can do. 
Few can read this book without an increased awareness of 
how dependent we have become on oscillators, amplifiers, 
rectifiers, and stabilizers. Professor Williams has related 
his electronics to contemporary physics in a very effective 
way. His book is almost a modern physics text, tied 
together by the ever recurring theme of how electronics 
contributes to progress in physics. 

Electronics is intended for a one-semester undergraduate 
course with a basic prerequisite of a year of general physics 
and a beginning acquaintance with calculus. Students 
with this limited a background will find it very difficult to 
master the material in the text. While all the necessary in- 
formation is there, it is in a highly condensed state. Williams 
has done an excellent job in his abbreviated treatment of 
alternating currents, Kirchhoff’s rules and their limitations, 
and the linear circuit theorems, but the novice may well 
have trouble in digesting such concentrations of intellectual 
food. Much the same thing is true of the discussions of 
amplifiers, oscillators, and receivers. For students this 
book would be far more useful and effective if it were 


expanded a hundred pages without the addition of a single 
new topic. 
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Into considerably less than 300 pages of text, Williams 
has condensed an amazing amount of important factual 
information on electronics along with a survey of the 
various high-energy particle accelerators, a summary of 
atomic and molecular spectra including the Bohr atom 
and spectroscopic instruments, and a chapter on ray and 
ion optics. He has treated the binary system of digits, 
digital computers, and mass spectrographs, to mention 
only a few of the many diverse topics discussed. In order 
to include all these, Williams has been forced to write 
succinctly, and often without sufficient detail. He has 
written clearly and well, with greatest attention to rigor 
and accuracy. There is no “padding”’ in this book. It is all 
business from start to finish. Every sentence tells its story, 
and there is much to think about on each page. The book 
is to be studied, not skimmed. Considerable important 
material is developed in the problems, which are challeng- 
ing and worthwhile. However, solving all the problems 
needed for a mastery of the ideas and techniques would 
take far more hours than a professor could reasonably 
expect from a typical student in a one-semester course. 

Most of the topics are discussed in an abstract and 
general way, with little attention to detail. The vacuum- 
tube circuits are sketched with a minimum of information 
on the approximate values of circuit components. A 
physicist who wants to build a wide band amplifier or a 
regulated power supply will find no complete typical 
circuits he can modify to perform a particular function. 
He will find a brief summary of the general principles 
involved. Standard pitfalls and difficulties are not discussed 
for most of the circuits outlined. Rather, emphasis is 
strongly on what might be called “theoretical” aspects of 
circuits; practical detail is omitted. The “tricks of the 
trade’’ just aren’t there, nor could they be in so abridged 
a treatment. 

While this book contains much that is included in other 
books on electronics, a substantial part of the material is 
more likely to be found in recent texts on modern or atomic 
physics. Williams has devoted his efforts to stating the 
physics of electronics and to showing how this knowledge 
is used in contemporary research. This he has done in a 
most creditable manner. His physics is sound and skillfully 
presented. His book is a valuable contribution to the 
teaching of intermediate physics. 

Joun N. CoopPer 
The Ohio State University 


The Radio Amateur’s Handbook. Pp. 800, Figs. 1200, 
16.524 cm. American Radio Relay League, West 
Hartford, Connecticut, 1953. Price $3.00. 


The 1953 edition of The Radio A mateur’s Handbook is the 
thirtieth published by the American Radio Relay League 
and devoted to a discussion of radio fundamentals and 
circuits. Although the Handbook is written primarily for 
the amateur radio enthusiast, a number of the chapters 
may be of interest to the physics teacher and researcher. 

Those familiar with recent editions of the Handbook will 
not find any drastic changes in the 1953 edition. Aside from 
a number of different high-frequency receiver and trans- 


mitter circuits, the most significant revision is in the 
chapter on electrical measurements. There have also been 
added the descriptions of some seventy new electron tubes 
to the table of about fifteen hundred tube characteristics. 
Those unfamiliar with The Radio Amateur's Handbook 

will be surprised to see how much basic and applied 
electronics are contained in its eight hundred pages. The 
initial chapters contain a concise treatment of electrical 
fundamentals, including vacuum-tube principles. Later 
chapters discuss basic radio circuitry and its application in 
receivers, transmitters and test instruments. About sixty 
pages are devoted to transmission lines and antennas. 
Five chapters deal with the increasingly important fields 
of very-high and ultra-high-frequency apparatus. The final 
section of the Handbook has in it a great deal of the miscel- 
laneous information so useful to anyone working in the 
field of electronics. 

DonaLp H. BAKER 

Michigan State College 


A Policy for Scientific and Professional Manpower. 
NATIONAL MANPOWER COUNCIL. Pp. 263+ xix, 15.5 
X23.5 cm. Columbia University Press, New York, 
1953. Price $4.50. 


The National Manpower Council, working at Columbia 
University under a grant from the Ford Foundation, 
presents here its second report on the problems of man- 
power in the United States. The book is valuable for the 
solid research which it reports but is perhaps even more 
valuable for its success in bringing into focus so many 
aspects of the manpower problems in science and the 
profession during fast-changing times. Its research findings 
are enriched by tightly-knit reasonings to future conditions. 

The American educational system is examined from the 
standpoint of its effectiveness in producing adequate 
manpower for the sciences and the professions. The authors 
conclude that there is a large potential supply of scientific 
manpower among persons of high mental ability who do 
not get the necessary education for scientific work. The 
economic and motivational problems in developing this 
potential supply are discussed. Considerable attention is 
also given to problems resulting from military demands on 
manpower. There is recognition of the fact that the armed 
forces do contribute to the size and quality of the profes- 
sional and scientific labor force. Greater attefition is given 
however, to the negative effects which partial mobilization 
has on the bringing of young people into professional work. 

Special chapters are devoted to problems of manpower 
in the fields of medicine, education, physics, and engineer- 
ing. Treatment of the complex economic and cultural 
factors causing the teacher shortage is excellent though 
necessarily brief. The analysis of manpower problems in 
medicine is extremely “gentle,” and the manipulated 
shortage of doctors is discussed in a very restrained way. 
For example, the authors avoid any comparison between 
science professors who generally try to attract bright 
undergraduates to their fields and the medical profession 
which sees potential doctors as future economic com- 
petitors. 
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The discussion of physicists points up the problems of 
manpower supply in a rapidly changing and highly 
exacting field. Attention is given to intellectual and 
personality factors indicating potential manpower in 
physics. The reader is impressed here by the lack of infor- 
mation available on the personal qualities required for 
scientific work, and how these are affected by our educa- 
tional procedures at the elementary and secondary levels. 
Poor teaching is commonly cited as the source of negative 
attitudes toward mathematics (causing a diversion of 
intelligent people from scientific studies), but there are 
probably many other reasons for the unfortunate block 
which are still unknown. 

One of the most valuable parts of the book is the one 
which comes to grips with “shortage” problems in man- 
power. No single definition of a “manpower shortage”’ is 
used, but rather there are suggested criteria for defining 
the term in such different fields as education and medicine. 
The varying definitions, in turn, bring up problems of 
defining national needs, levels of public service, etc. 
Eventually a more comprehensive study will have to be 
made in which total manpower supplies (projected along 
population curves) will be related to comprehensive 
pictures of the national society. Meanwhile, the Council’s 
report will be of great value to those concerned with man- 
power problems. 

GEoRGE M. BELKNAP 
Michigan State College 


Elements of Thermodynamics and Statistical Mechanics. 
E. O. Hercus. Pp. 153+-ix, Figs. 28, 14X22 cm. 


Melbourne University Press, 1951. Price $2.94. 


This small book gives in a concise form an introduction 
to the subject of thermodynamics and its connections with 
statistical mechanics. It contains sixteen chapters, a 
section of useful proofs, tables, etc., in ten appendices and 
a page of bibliography. The first half of the book is devoted 
to the development of the two laws of thermodynamics 
and their diverse applications. The general analytic 
properties of entropy, enthalpy, and the functions of Helm- 
holtz and Gibbs are included. Two chapters deal with 
homogeneous and heterogeneous equilibrium, while short 
discussions of the phase rule, electrical cells, thermoelec- 
tricity, and radiation finish the part on thermodynamics 
proper. The second half of the book begins with a clear 
discussion of Boltzmann statistics, based on Stirling’s 
first approximate to the factorial (though the method of 
mean values of Darwin and Fowler is treated in an ap- 
pendix) and includes combined systems as well as the usual 
single isolated system. The argument is based on the more 
general identical particle argument rather than on the 
earlier ‘“‘distinguishable particle’’ point of view. The 
weaknesses and failures of classical statistics in the prob- 
lems of complete radiation, Gibbs’ entropy paradox, and 
the heat capacity of solids are listed. Unfortunately, in 
the latter case, although mentioning the Drude heat 
capacity of free electrons, the equally important low 
temperature behavior is not even mentioned. 

There follows a short account of the statistics of Bose- 
Einstein and Fermi-Dirac and a comparison of these with 
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the classical results. The book ends with the Nernst heat 
theorem and adiabatic demagnetization. 

In general this is a terse, meaty, and systematic account. 
Careful and clear statements of troubles and alternate 
methods of approach are characteristic. Proofs, where too 
special for the text, are either given in the appendix or the 
reader is referred to useful sources. The historic perspective 
is good and to the fore throughout. 

The major faults arise from the extreme conciseness, 
which at times leads to obscurity, as when a single paren- 
thetic remark must do the work of a paragraph of explana- 
tion (as on page 69 when referring to the red-yellow 
sequence with temperature change in the case of non-full 
radiation). The same might be said of the use of a few 
more diagrams in the text, as in the theory of the Joule- 
Kelvin effect, the reduction of gas thermometer readings 
to the absolute scale (where the general use of the equation 
of state is at least as precise as, and more ‘“‘anschaulich”’ 
than, the Joule-Kelvin coefficient) and the heat capacity 
of solids. The statistical interpretation of thermodynamic 
quantities might well have included the microscopic 
interpretation of heat and work. 

These criticisms, however, are of minor importance 
(and probably only personal ones at that) in considering 
an otherwise clear, scholarly, and admirably documented 
account of a very important subject. 

‘ F. H. CRAWFORD 
Williams College 


Fundamentals of Thermometry. J. A. HALL. Pp. 48, Figs. 
13. The Institute of Physics, London, 1953. Price 5s. 

Practical Thermometry. J. A. Hai. Pp. 51, Figs. 8, 
12.5X18.5 cm. The Institute of Physics, London, 
1953. Price 5s. 


These are two monographs for students in courses for 
the National Certificate in Applied Physics, issued by the 
Institute jointly with the Ministry of Education. 

In Fundamentals, attention is concentrated on the 
International Temperature Scale. The ideal gas scale and 
the Kelvin Thermodynamic scale are disposed of in one 
paragraph. Discussion of the standard platinum resistance 
thermometer, thermocouple, and optical pyrometer is 
supplemented with a chapter on the use of the mercury 
thermometer as a working standard of temperature. The 
author dutifully replaces Centigrade scale by Celsius scale, 
the term adopted by the ninth General Conference of 
Weights and Measures in 1948. 

Practical Thermometry deals with resistance thermom- 
eters, thermocouples, a variety of expansion thermometers, 
optical and radiation pyrometers, the calibration of 
instruments, and practical problems of temperature 
measurement. There is, appropriately, emphasis on British 
practice and on methods developed at the National 
Physical Laboratory. 

In both monographs the writing is very concise and 
reflects the experience and good judgment of the author. 
A student will probably not receive full benefit unless he 
is already acquainted with such topics as Carnot efficiency, 
potentiometers, blackbody radiation, Planck’s law, Wien’s 
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law, emissivity, and effective wavelength. There are only 





two Exercises. More would have been helpful. 
Both monographs list a bibliography of papers and books 

in English and French. The references appear to be chosen 
for pedagogic value, rather than to represent current 
practice. In the first volume the references are on the 
average twenty years old, in the second ten years. The only 
general reference is to Temperature, its measurement and 
control in science and industry (1941). It seems ill-advised 
to thrust a student who has just read Hall’s 99 pages into 
that monumental volume whose casual editing requires 
critical reading. Rather, a student might profitably follow 
the monographs with reading in such books as A. G. 
Worthing and D. Halliday, Heat (1948), or M. W. Thring, 
The Science of Flames and Furnaces (1952). 

RoBerT L. WEBER 

The Pennsylvania State College 





Practical Aids for Teachers of Physics 


Do you have a magnetic blackboard in your lecture 
room? If so, equipotential lines in an electric field may be 
demonstrated as follows: Paint a thin coat of Aquadag 
(diluted with ordinary water) on a large sheet of paper. 
Clip a flexible wire from each terminal of a battery to 
small horseshoe magnets. The magnets will hold the 
aquadag sheet on the blackboard where the visibility is 
good, and they are the electrodes that produce the field 
in the Aquadag. For the probe, an ordinary vacuum tube 
voltmeter works well if mounted so that the needle is 
visible to the class. The ‘‘common”’ lead is connected to 
one battery terminal, the other lead to a horseshoe magnet 
which may be placed anywhere on the sheet where the 
potential is desired. Equipotentials may be marked by 
posting small cylindrical magnets along the line where 
the voltmeter readings are constant. With slight modifica- 
tions (thumbtacks) the demonstration may be performed 
without a magnetic blackboard. (Contributed by Myron A. 
JEPPESEN, Bowdoin College, Brunswick, Maine.) 





An interesting estimate of the qualities of a good teacher 
is given in a review of the book, Origins of American 
Scientists, which appeared in Science 117, 414 [1953], 
over the name of Dael Wolfle of the Commission on 
Human Resources and Advanced Training, Washington, 
D. C. Here are his words: 


One of the most interesting portions of the book 
describes the teacher and the academic standards 
that favor the development of scientific interests. 
The successful teacher is not distinguished by his 
intellectual competence—above, of course, some 
necessary minimum—or by his professional eminence, 
or his mastery of particular pedagogic methods, but 
rather by the possession of two important personal 
qualities ; ‘‘the first seemingly related to masterfulness, 
demandingness, vitality, and energy; the second, to 
human warmth and social accessibility.’”” The authors 
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summarize these traits by pointing out that this de- 
scription fits what in psychological jargon could be 
called a strong father figure. Between the student and 
the teacher who inspires him there exists more than a 
purely intellectual relationship; the inspiring teacher 
is admired, he exercises some coercion over his 
students, but he is also an understanding confidant 
and a source of rewards for work well done. Interesting 
confirmation of this picture came from analyses of 
‘undergraduate departments which had started a fairly 
high number of students along the road to scientific 
careers. Relatively severe requirements for the major 
and relatively severe grading standards, on the one 
hand, and a relatively keen sense of social cohesion 
within the department, on the other, were all associa- 
ted with high productivity. The teacher, and his 
department, are likely to inspire students to become 
scientists if the standards are high enough to weed 
out the poor prospects, and if, after that is done, 
there is a friendly and rewarding acceptance of those 
who show promise. 





For those students who continue to ask, ‘Is that 100- 
gram box mass or weight?,’’ a mnemonic: 


Grams are mass 

Pounds are weight 

Any ass 

Can keep them straight. (Contributed by Rosert S. 
SHaw, The City College, New York.) 





The Philips Technical Review, Volume 14, No. 9, March 
1953, published by the Philips Research Laboratories, 
contains an interesting article, pages 263-279, on the 
Amsterdam synchrocyclotron. Those teachers of modern 
and nuclear physics who are tired of frequently used 
pictures of American instruments will find the illustrations 
and descriptive material refreshing. A complimentary 
copy of the Philips Technical Review from which this 
information was taken was received by the Editor from 
Vern W. Palen, Publicity Department, North American 
Philips Company, Inc., Research and Control Instruments 
Division, 750 South Fulton Avenue, Mount Vernon, 
New York. ‘ 





In setting up apparatus for the observation of Newton’s 
rings it frequently happens that a plano-convex lens of 
large radius of curvature is not at hand. When the radius 
is relatively small, the ring system is quite small and is 
sometimes quite difficult to locate with a measuring 
microscope. I have found it helpful to insert a piece of 
lens tissue between the lens and the flat surface until 
the point of contact is located. When the microscope is then 
focused on the edge of the tissue, the outer part of the ring 
system is usually in view, and the center of the pattern 
can be found easily. (Contributed by E. Scott Barr, 
University of Alabama, University, Alabama.) 
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RECENT MEETINGS 


Minnesota Section 


The first annual meeting of the Minnesota Area Associa- 
tion of Physics Teachers was held on May 2, 1953, at 
Macalester College, St. Paul, Minnesota. Dr. Howard 
Hanson, University of Minnesota at Duluth, presided. At 
the business meeting a constitution was adopted and the 
following officers for next year were elected: President, 
R. B. Hastincs, Macalester College; Vice President, 
M. Wyman, St. Olaf College; Secretary-Treasurer, K. 
BRACEWELL, Hamline University; AAPT Council Member, 
F. VERBRUGGE, Carleton College. 

An invited paper, The synthesis and use of unreal phys- 
ical quantities, by Dr. Otto Scumipt, University of Min- 
nesota, was given in the morning session. The following 
papers were presented in the afternoon session: 


1. The Hall effect as a laboratory experiment. PHILIP 
YOUNGNER, St. Cloud State Teachers College —The Halleffect 
can be demonstrated easily by using permanent magnets 
such as Cenco’s Extra Large Alnico V magnets and a 
sensitive galvanometer as a voltmeter. An air gap of 1.3 
mm is maintained between the poles of two magnets in 
series by means of two narrow spacers. The thin metal sheet 
carrying a current of about 20 amperes is transferred from 
one air gap to the other, and the change in the galvanom- 
eter reading is noted. This makes an excellent laboratory 
experiment as it serves to tie together a number of separate 
experiments such as finding magnetic field strength, 
galvanometer sensitivity, and meter calibration. The 
student can also find charge-carrier density and mobility. 


2. Prismatic reflections. KENT H. BRACEWELL, Hamline 
University.—When using the Gauss eyepiece to set the 
telescope of a spectrometer perpendicular to a face of an 
equilateral prism with three polished faces, a system of 
three shadows is frequently observed. Two of these are 
caused by internal reflections and can be eliminated by 
cutting a prism with angles a few degrees from 60°. A 
prism having angles of 55°, 60°, and 65° has been found 
to eliminate them perfectly. 


3. Membranes showing cation and anion inhibitory 
mechanisms. M.E.Wyman, Si. Olaf College.—Self-diffusion 
has been studied through collodion membranes which 
inhibit anion passage and also those which inhibit cation 


passage, using radioactive tracer techniques. Preliminary 
results obtained during the past year are analyzed, and a 
possible mechanism is suggested involving the notion of 
electric forces, shielding, and mechanical blocking. 


4. Photodisintegration of Mo®? and Mo!. WILLIAM A. 
BuTLER, Carleton College.—Targets of electromagnetically 
concentrated isotopes of molybdenum were irradiated 
with x-rays of 22.5-Mev maximum energy. Emitted 
protons were caught in nuclear photographic emulsions 
from which the energy and angular distributions were ob- 
tained. The numbers of neutrons emitted were determined 
by counting the gamma-neutron induced beta activities in 
the molybdenum targets. The total number and spectrum 
of protons from Mo® are in fair agreement with statistical 
theory, except for high-energy protons. This isinagreement 
with previous studies on other elements in which, as with 
Mo”, the proton threshold is well below the neutron 
threshold. In contrast, the proton threshold in Mo! js 
well above the neutron threshold, so that very few protons 
are expected according to the statistical theory. The spec- 
trum computed gives about one percent of the observed 
number. This discrepancy indicates that these protons 
from Mo! must, in the main, arise from a process such 
as a direct photoproton effect in which the usual competi- 
tion between proton and neutron emission from a com- 
pound nucleus does not control their relative numbers. 


5. The heat of sublimation of sodium iodide. Howarp 
G. Hanson, University of Minnesota, Duluth Branch.— 
Sodium iodide molecules in the vapor phase irradiated 
with ultraviolet in the 2000 to 2500A-range dissociate into 
free iodine atoms and excited sodium atoms. An excited 
sodium atom returns to the ground state by emitting a 
photon of ‘D” radiation. Using a constant ultraviolet 
source the measurement of this sodium-D fluorescence 
should be proportional to the vapor pressure above the 
heated salt. The slope of the plot of the logarithm of 
intensity of fluorescence against the reciprocal of the 
absolute temperature of the salt and its vapor yields the 
heat of sublimation of sodium iodide. Measurements were 
made in the 500°C to 620°C range using a hydrogen arc 
lamp as ultraviolet source. Tentative results were compared 
with other methods of measurement. 


PHILIP YOUNGNER, Secretary 
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